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o
From the Editor

Scott Kominers '09
Harvard University

Cambridge, MA 02138
kominers@fas.harvard.edu

It is my great pleasure to introduce the inaugural issue of The Harvard College Mathematics Review
(HCMR). Since I first proposed the journal, I have hoped that The HCMR would help students learn
and appreciate advanced mathematics. True to the magazine's mission, this issue contains expository
articles on topics drawn from undergraduate-level foundations and surveys of undergraduate research,
as well as student-appropriate original problems.

Back in high school, my mathematics teacher gave me her collection of old issues of The College
Mathematics Journal and The American Mathematical Monthly. I dove in, skimming abstract after
abstract. Every so often, I would manage to find an article with an introduction I understood.

I would always start to read these articles, but I never quite had the mathematical background to
finish them. Nonetheless, it was exciting to see what "mathematics" really is. Reading about a range
of fields helped awaken me to the depth and beauty of mathematics.

I go back to that same stack of journals annually. Each time I return, I find that I understand more
than I did the last time. This is how math evolves for me. As I learn, I feel myself approach the day
when I can open a journal to a random article and comprehend it in its entirety.

I would appreciate any commentary or feedback you have. Please direct your comments and ques
tions to hcmr@hcs.harvard.edu or to me personally at kominers@fas.harvard.edu. I
also invite you to submit to future issues. We publish articles, short notes, and problems in any field
of pure or applied mathematics at the undergraduate level. Please see the inside cover for submission
guidelines.

We at The HCMR are greatly indebted to Dean Benedict H. Gross, who has volunteered his time,
advice, and expertise throughout the production process and to Professor Peter Kronheimer, who has
been with The HCMR as an advisor since our earliest days. We also extend our warmest thanks to
Professor Noam D. Elkies for guidance, commentary, and of course for his fantastic feature article
on "The ABC's of Number Theory," and to Professor Dennis Gaitsgory for sharing one of his early
teaching experiences in our endpaper. We are grateful to Dean Paul J. McLoughlin II for his admin
istrative help in establishing The HCMR organization and to Mr. Christopher C. Mihelich '02 for
his I^T^X advice. Finally, we could never have produced this issue without the generous support of
The Harvard Mathematics Department.

Every one of us currently involved in The HCMR is a founding member; we are proud and excited
to have seen our project finally come to fruition. QEED.

Scott Kominers '09
Editor-in-Chief, The HCMR



STUDENT ARTICLE

1
Dunking Donuts: Culinary Calculations

of the Euler Characteristic
Alexander P. Ellis '07f

Harvard University
Cambridge, MA 02138

apel l is@gmai l .com

Abstract
Motivated by a remarkable 18th-century result about polyhedra known as Euler's formula, we will
develop the notion of the Euler characteristic x m tne more modern context of CW complexes. The
fact that x is a homotopy invariant gives an easy (perhaps trivializing) proof of Euler's formula. We
then develop two non-elementary methods of computing \ in specific cases: Morse theory and the
Poincare-Hopf Index Theorem. Both will be used to compute the Euler characteristic of closed ori-
entable surfaces, using culinary analogies. In an appendix, the former will also be used to compute the
Euler characteristic of real projective space.

Most of this paper requires only an understanding of multivariable calculus and basic point-set
topology. While the reader would be aided by a modest background in differential and algebraic topol
ogy at a few points, the degree of formality does not require this.*

1.1 The Euler Characteristic and CW Complexes
The Euler characteristic x(^) of a polyhedron P is defined to be the number F of its faces, minus
the number E of its edges, plus the number V of its vertices:

X(P) = F-E + V.

We consider any n-sided polygon to be "filled in," so it has one face. Then we immediately have:

x(any n-gon) = l — n + n=l.

We have easily seen that the Euler characteristic of a polygon is independent of the number and ar
rangement of these sides; less obviously, any convex polyhedron satisfies

x(any convex polygon) = 2.

This fact, known as Euler's formula, was known to Leonhard Euler (1707-1783), the namesake of
X- From Euler's formula, it is not hard to prove the classification of Platonic solids. (The original

t Alexander P. Ellis, Harvard '07, is a mathematics concentrator and English minor. Originally from New York City, Alex
attended Stuyvesant High School. Starting in the fall, he will spend a year studying at Cambridge University, in Part III of the
Mathematical Tripos, after which he plans to return to the United States to pursue a PhD in pure mathematics. His mathematical
interests are primarily in geometry and topology, and in their connections with other branches of mathematics, as well as with
physics. He also has a knack for counting the number of letters in words quickly.

* Diagrams for this article were created in M E TAP O ST by Graphic Artist Zachary Abel '10, based on drawings submitted
by the author.



classification argument, which proceeds by adding up angles at a vertex, appears in Book XIII of
Euclid's Elements.)

There is a more modern definition of \ which generalizes it to a homotopy invariant of CW com
plexes. Once we see what a CW complex is, all this means is that stretching, bending, folding, and
compressing our space will not change its Euler characteristic; we may not, however, cut or glue.

We will define the notion of a CW complex inductively. A zero-dimensional CW complex is just a
set of points, also called the O-skeleton. The data of a one-dimensional CW complex X is a 0-skeleton
X0, a set of closed 1-discs (closed intervals) {Ia}aeA, and a set of corresponding maps

{0Q : dla -* X0}aeA

taking the boundary of each closed 1-disc to the 0-skeleton. The complex X (or its 1-skeleton Xt) is
then the quotient space

X Xq II JJ Ia I /{(t>a}a<EA.
a € A )

(The symbol [] just means a union of disjoint topological spaces, where the open sets are unions of
open sets taken from either space.) When we quotient by a family of maps, we are quotienting by the
equivalence relation which identifies each point of each dla with its image under the corresponding
map </>a. Geometrically, we are just attaching each closed 1-disc Ia to X0 by gluing its endpoints to
their images under <t>a. Inductively, an n-dimensional CW complex is given by an (n - 1)-skeleton
Xn-u a set of {Dp}peB of closed n-discs,1 and attaching maps {^ : dDp -> Xn-\}feB- The
complex is then the quotient space

X= Un-l II JJ D0) /{<^W

Further details can be found in Chapter 0 of [Ha].
An example which will be useful in just a moment: the n-sphere Sn = {v e Rn+1 : |v| = 1} is

homeomorphic to the CW complex given by:

one 0-cell, the point p
one n-cell D with attaching map <j)(x) = p for all x € 3D.

In other words, we start with the closed n-disc D, and glue the entire bounding (n - 1)-sphere to a
point.

Now say we have an n-dimensional CW complex Y whose fc-cells are given by the set Ck. Write
Card(Cfc) for the cardinality for Ck, that is, the number of A:-cells. Furthermore, say that each Ck is a
finite set. Then we define the Euler characteristic of Y to be

*(n = E(-l)fcCard(Cfc).
fc=0

This generalizes our earlier definition, since vertices, edges, and faces can be taken to be the 0-, 1-, and
2-cells of a two-dimensional CW complex. It turns out (see section 2.2 of [Ha]) that \ is a homotopy
invariant in the sense mentioned earlier.2 In particular, homeomorphic CW complexes have the same x,

!By n-disc, we simply mean a space homeomorphic to the unit ball in En, that is, {v G Rn : |v| < 1}. When we add the
adjective closed, we simply mean the closure in Rn of such a set.

2For those familiar with cellular homology, the proof is not hard. One can show purely algebraically that given a chain
complex Co — d -▶ C2 -+ • • • of finitely generated abelian groups, YK~l)h rk(Cfc) = £(-l)fe rk(#fe), where Hk is
the fc-th homology group of the complex. In the case of the cellular complex, Ck is simply a freely generated Z-module with
rank equal to the number of fc-cells, so X(X) = £(-l)fc rk(Ck(X)) = E(-l)fe rk(Hk(X)). And since the Betti numbers
bk = rk(Hk(X)) are homotopy invariants, so is the Euler characteristic x(X).



since every homeomorphism is certainly a homotopy equivalence. Viewed conversely, we can compute
X of a given space by choosing a CW complex on it, and our computation will not depend on our choice
of CW structure. (This is tautologous, since by "choosing a CW structure" on a space we merely mean
finding a CW complex homeomorphic to our space.)

As a corollary to all of this, we have an immediate proof of Euler's formula, that all convex poly-
hedra "miraculously" have Euler characteristic equal to 2. Indeed, any convex polyhedron can be
"smoothed out" by a homotopy equivalence (in fact a homeomorphism) into a 2-sphere. Then as ex
plained above, the 2-sphere has one 0-cell and one 2-cell, and thus has Euler characteristic

x(S2) = l-0 + l = 2.

Similarly and more generally, we have

x(sn)
0 n is odd
2 n is even.

1.2 A Little Morse Theory
In a landmark 1934 paper [Mo], Marston Morse (1892-1977) initiated the theory which came to bear
his name. The basic idea of Morse theory is to study a smooth manifold by a certain class of smooth
functions on it, called Morse functions. It turns out that the typical smooth function is a Morse function.

Let M be a smooth (C°°) manifold, and let / : M -> R be a smooth function on M. Recall that a
critical point of / is a point p such that dfp is a degenerate linear map. In this case, this is equivalent to
saying that in a local coordinate system {xi,...,xn} around p, all the first partial derivatives vanish:

p is a critical point of / & -— (p) — ... = -r— (p) = 0.
O X \ O X y i

In single-variable calculus, we measure the behavior of a function at a critical point by looking at the
sign of the second derivative, if non-vanishing. If the second derivative vanishes, we need to consider
higher derivatives (think of f\(x) = x3 and f2(x) = x4 at x = 0). Analogously, we want to consider
non-degenerate critical points, which are defined to be critical points where the matrix of second
partial derivatives determines a non-degenerate bilinear form:

the critical point p of / is non-degenerate <=> det I —-— (p) J ^ 0,

where i and j are the row and column indices. Then the class of functions which we can easily work
with are those whose critical points are all non-degenerate; we call these Morse functions. The obvious
generalization of looking at the sign of the single-variable first derivative is to look at the signs of the
eigenvalues of dfp. However, this would force us to worry about existence of real eigenvalues, and this
may not even be stable under change of coordinates. Instead we appeal to a famous and convenient
result which guarantees a "nice" set of coordinates.

Lemma 1. (The Morse Lemma.) Let p be a non-degenerate critical point of the smooth function
f : M —▶ R. Then there exists a neighborhood Uofp and a coordinate system {y\,..., yn} on U
centered at y such that on U,

f {y ) = f {P)±y \±y l± . . .±y l

Furthermore, any such coordinate system will give the same numbers of positive and negative terms in
the above.



Figure 1.1: Dunking a donut (torus) into coffee

Since our focus is on different tools for computing the Euler characteristic and not on a rigorous
development of Morse theory, we refer the reader to section 2 of [Mi] for a proof. We call the number
of negative terms MInd(/;p), the Morse index of / at p\ intuitively, the Morse index measures the
number of independent directions in which / decreases.

For any real number a, let
Ma = f-\(-oc,a}).

The intuitive picture is a follows. Say we are dunking a donut into a cup of coffee, as in Figure 1; the
manifold in question is the torus T which is the surface of this donut. Define the function h : T -> R
by

h(p) = the height of the submerged part of T when p first touches the coffee
= the vertical distance from the bottom of the donut to p.

We will call h, and its later generalizations, the "dunking function." It is not hard to check that h
is a Morse function. Figure 2 shows Ta for various values of a. The set of critical points of h is
{Po,Pi ,P2,P3}, as pictured. Their indices are:

MInd(/i;po) = 0
MInd(/i;pi) = 1
MInd(/i;p2) = 1
MInd(/i;p3) = 2.

This is not hard to see: p0 is a local (in fact, global) minimum, so any direction is a direction of increase,
so it has index 0. px decreases if you walk down towards p0, and increases if you want up the inside of
the hole towards p2, so it has index 1. And so forth.

The first major application of the Morse index, and the one we care about for our purposes, is that
it allows you to construct a CW complex homotopy equivalent to M.

Theorem 2. Let p be a critical point of the Morse function f : M —▶ R, and set a = f(p). Suppose
f~l ([a — e, a + e])for some e > 0 is compact and contains no critical points other than p. Then Ma+e
has the homotopy type ofMa~e, with a cell of dimension MInd(/; p) adjoined.

(For a proof, see section 3 of [Mi].) So a Morse function gives us a CW structure on M, up to
homotopy equivalence. And since x is a homotopy invariant, this is as good as we need. Combined with



a = 3

.a = 2

a= 1

a = 0

Figure 1.2: The torus, at and between the critical points of its dunking map

the fact that every smooth manifold admits Morse functions (see section 6 of [Mi]), we immediately
obtain:

Corollary 3. Every smooth manifold is homotopy equivalent to a CW complex.

This implies that the Euler characteristic is defined for all smooth manifolds. If we set

Ak(f) = the number of critical points of / with Morse index k

and apply Theorem 2, we have

X(M) = £(-l)fc<4fc.
fc=0

Define the surface Ep of genus g to be the surface of a g-holed donut; for example, E0 = S2 (a "donut
hole") and Ei = T. Consider the "dunking function" h above, but now more generally on any Ey;
see Figure 3. h always has exactly one maximum and one minimum, and two saddle points (points of
Morse index 1) for each hole; we have

A0(h) = 1
A1(h) = 2g
A2(h) = 1
X&g) = l-2g + l = 2-2g.

1.3 Vector Fields and the Poincare-Hopf Index Theorem
We now turn to smooth (tangent) vector fields on M. We will think of M as embedded in some RN
and the vector fields as tangent to M c RN (if you are aware of the terminology, you may think more
abstractly of the vector fields as sections of the tangent bundle TM). For this section only we restrict
our attention to the case where M is two-dimensional, but we will indicate the correct generalization
to higher dimensions.
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Figure 1.3: Surfaces of higher genus; dunking a two-holed donut into coffee

Let M c R^ be a smooth manifold embedded in Euclidean space. The vector space of vectors
tangent to M at a point p, called the tangent space TPM to M at p, is of the same dimension as M.
Let {xi,..., xn} be a smooth coordinate system for M centered at p; that is, p is the point for which
Xj = 0 for all j. We write (ax,..., a„) for the point with coordinate a,j = Xj. Then the tangent space

TPM = span{vi,...,vn},
can be written as

where

^|t=o(0,.. . ,0,*,0,.. . ,0)
(the only non-zero entry is the j-th). The corresponding picture is that if we were to trace out a curve
given by increasing only coordinate xjt the vector vj e TPM would be the velocity vector of this curve
as it passed p. If you are not comfortable or familiar with the language of tangent spaces, you may just
picture these vectors as the tangent plane to a surface M c R3. We define a vector field on M to be a
choice of vector v(p) e TPM for each peM.

Let v : M -> RN be a smooth vector field, and let p be an isolated zero of v. Let y = (yx, y2) be
a local set of coordinates centered at p, and choose a small circle Se of radius e > 0 centered at p in
these coordinates. Then the map

Pv : Se

pv{y) =

+ S1

y{y)
Hy)\

can be defined, and we define the local index of v at p to be

Ind(v;p) =w(pv).
Here, w(pv) is the winding number of pv around Sl (the net number of times pv wraps around S1
when we go around Se once, with counterclockwise being the positive sense).3

To see what local indices look like, consider Figure 4. If we walk around the small dotted-line
circle centered at the zero of the vector field, we can see the local index by counting how many coun
terclockwise revolutions the arrows make. In example (a), the image pv(x) starts pointing to the right,

3For the topologically advanced: More generally, for dim(M) = n > 2, Se is an (n - l)-sphere, and instead of w(pv), we
use the topological degree of the map pv : Se -▶ Sn~1. One can prove that for e small enough, the local index is well-defined.
For more details, see chapter 3 of [Gu].
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Figure 1.4: Local indices at zeroes of a vector field

then points upwards, then left, then down, and then right again; pv has traversed S1 once in the coun
terclockwise direction, so the local index is +1. So a "source" has index +1. Looking at (b), we see
that a "sink" also has index +1: starting to the right of the zero, pv starts pointing left, then down, then
right, then up, and finally left again. It takes something like the situation in (c) to get a negative local
index. Doing the same sort of walk around, pv starts pointing right, then down, then left, then up, and
finally right again; we have traversed S1 once in the clockwise direction. Example (d) shows a local
index of +2. If v has finitely many zeroes, then we define the global index (or simply the index)
of v to be the global sum of its local indices:

Ind(v) = Y^ Ind(v;x).
v(x)=0

The remarkable namesake of this section is the following:

Theorem 4. (The Poincare-Hopf Index Theorem.) Let v be a smooth vector field on M with finitely
many zeroes. Then the global index ofv equals the Euler characteristic ofM:

Ind(t;) = x(M).

The two-dimensional case was proved by Jules Henri Poincare (1854-1912) in 1885; Heinz Hopf
(1894-1971) proved the general case in 1927. In particular, the full Poincare-Hopf Index Theorem
predates Morse theory. A proof using Morse theory, however, is popular; see chapter 12 of [Ma]. For
a proof using the Lefschetz fixed point theorem, see chapter 3 of [Gu]. The immediate corollary of
this theorem is that the global index is the same, regardless of which vector field you choose; this
is analogous to the fact that the alternating sum ^(~l)fc^fc did not depend on the choice of Morse
function.

We now use the Poincare-Hopf Index Theorem to compute again the Euler characteristic of the
surface E^. The vector field we will choose is again culinary: the "hot fudge vector field" Vhf depicted
in Figure 5. Simply stand H9 on end as shown, and pour hot fudge over the surface. In an ideal steady
state situation, all the fudge enters at one point on top, and all the fudge drips off at one point on the
bottom. Then define the value of Vhf at a point to be the instantaneous velocity vector of the hot fudge



flow at that point. We have a source at the top and a sink at the bottom (neglecting the inflow and
outflow, which are not tangent to the surface), and saddle points (points which look like Figure 4c) at
the top and bottom of each hole (you should try to picture this yourself). We saw earlier that sources
and sinks have index +1 and saddles have index -1, so we conclude

X(E,) = lnd(vhf) = 1 + (2g)(-l) + l = 2-2g.
If you compare how the computations went here and in the section on Morse theory, in both cases each
hole contributed two "negative units" (odd dimensional CW cells or negative index zeroes), and the
two ends each contributed one "positive unit." Since the computations are similar in nature, it makes
sense that one is able to prove the Poincare-Hopf Index Theorem using Morse theory.

We conclude this section with a corollary, which contains a famous and amusingly named result as
a special case.

Corollary 5. A smooth manifold M with x(M) ^ 0 does not admit a smooth, nowhere vanishing
vector field.

Proof Let v be a smooth vector field on M. Then by the Poincare-Hopf Index Theorem, Ind(v) =
X(M) ^ 0. If v were nowhere vanishing, the sum defining Ind(v) would be empty, forcing Ind(v) = 0;
t h i s i s i m p o s s i b l e . □

Corollary 6. The surface E9 of genus g admits a nowhere vanishing smooth vector field if and only if
g—\, that is, if and only ifY,g is the torus.

Proof. The "only if" direction is immediate from the previous corollary and our earlier computation,
x(Ep) = 2-2g. Conversely, we can construct a nowhere vanishing vector field on the torus by the
process depicted in Figure 6: first take a nowhere vanishing vector field on S1, and then revolve the
e n t i r e c o n s t r u c t i o n a b o u t a n a x i s a w a y f r o m i t . □

The special case g = 0, that is E0 = S2, is known as the "Hairy Ball Theorem." Intuitively, it states
that there is always at least one point on the surface of Earth with no wind blowing. Equivalently, if the
Earth had hair, it would necessarily have a bald spot.

1.4 An Example: Real Projective Space
Define real projective space4 of dimension n to be the quotient space

RPn = Rn+1 - {0}/ ~
v~w <=> v = Aw for some A e R- {0}.

Since the equivalence class of a non-zero vector v is the one-dimensional subspace of Rn+1 spanned
by v (minus the point 0) and every one-dimensional subspace contains a non-zero vector, RPn is just
the set of one-dimensional subspaces of Rn+1, topologized.

Note that a particular one-dimensional subspace U c Rn+1 intersects the unit sphere Sn c Rn+1
in exactly two points, namely the two vectors v, -v of length 1 in U. Thus any even function5 on
Sn determines a function on RPn; it is easy to check that if such a function is smooth on Sn, it is
smooth on RPn as well. Let {a0, au ..., an) be an ordered set of distinct, non-zero real numbers; for
simplicity, assume they are in ascending order. Define the function

/ : Sn -+ R
f(x) = a0xl + a\x\ + ... + anx\\

4We borrow greatly from chapter 12 of [Ma] for the first half of this section.
5Recall that a function / : V -▶ X on a vector space V is said to be even if f(v) = f(-v) for all v e V.
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using the standard coordinates {x0,..., xn} on Rn+1. Since / is even, it determines a function on
RPn, which by abuse of notation, we also call /.

We will determine and classify the critical points of /, conclude that it is a Morse function, and
use this to build a CW structure on RPn. Afterwards, we will re-construct this CW structure in a more
elementary fashion. As a corollary of either approach, we will compute x(RPn).

Since the properties of / at a point are local in nature, we can continue working with the explicit
embedding Sn c Rn+\ At the point x = (a?0, • • •, xn), the tangent space is

TxSn = {v = (v0,...,vn) C Rn+1 : ^xiVi = 0},

and the first partial derivatives are given by

dxi ~ Aa%Xl'
However, these are the partial derivatives with respect to the coordinates of the ambient space, Rn+1.
We do not need all of them to vanish; we merely need the gradient vector to be orthogonal to all vectors
in the tangent space (for the more advanced: we need the differential to be the zero linear functional).
In other words, we need to show that

L,dtv^0for^v-(vo^''^n)eTxSn.i = 0 l

Since |x| = 1, it is impossible for the partial derivatives to all simultaneously vanish due to x being
zero; instead, we use the relation x • v = 0 for all v e TxSn. The above equation holds, then, if and
only if x = (x0, ...,xn) and (a0x0,..., anxn) are parallel. But since the ax are all distinct, this occurs
if and only if x = ±eit where e» is the vector of all zeroes, except for a 1 in the i-th place. There are
2(n + 1) such points on 5n, but only n + 1 on RPn, since e{ ~ -e{.

We now check that e0 is a nondegenerate critical point and compute its Morse index. A local
coordinate system {yx,..., yn} is defined by

( w ^ e r H ^ i - ^ , ^ J 6 5 « .
In terms of these coordinates, / looks like

( n \ n n

The matrix of second partial derivatives is just

/ 2 ( a i - a 0 ) \
2(a2 - a0)

V 2 ( a n - a 0 ) J
Since the a* are all distinct, the matrix is invertible, and ±e0 is a nondegenerate critical point. Also,
the chosen coordinates are evidently of the form the Morse lemma guarantees, so we can read off the
Morse index. Since the points were chosen to be in ascending order, each a* - a0 is positive and
MInd(/; ±e0) = 0. The same analysis holds for each ±efc, with the exception that (a0 - ak), (ai -
ak),...,(ak-i - ak) will all be negative. Thus in the general case, we have

MInd(/; ±ek) = k.

12



Then the resulting CW structure on RPn has one cell in each dimension from 0 through n inclusive,
and

/mmrn fl n is evenx(RPn) = <! .10 n is odd.

Finally, we give an elementary, geometric construction of this same CW structure. We begin by
introducing homogeneous coordinates on RPn; while not coordinates in the usual sense, they are a
convenient way of working explicitly in RPn. We will use (n + 1)-tuple notation for the Rn+1 our
copy of RPn is obtained from. The homogeneous coordinate for the point p € RPn is [x0,..., xn],
where x = (xq, ..., xn) is any non-zero vector in the one-dimensional subspace p of Rn+1. In other
words, in homogeneous coordinates,

[x0, • • •, Xn] = [?/o, • • •, yn] <* %i = ^Vi f°r all i, and A ^ 0.

Also, a bracketed (n + 1)-tuple \x0, ...,xn) represents a point of RPn if and only if not all its entries
are zero.

Define an open subset U0 c RPn by

U0 = {{x0,...,xn}£RFn:x0^Q}.

This is well-defined because nonzero scalar multiplication does not depend upon whether or not x0 = 0,
and it is open because it is the inverse image of R - {0} under the even, continuous map on Sn taking
each point to the absolute value of its e0 coordinate. The smooth map Rn —> U0 given by

(xi,...,xn) 1-+ [l,Xi,...,Xn]

has smooth two-sided inverse
[xo,...,Xn] >-> (—,...,— ).

This is well-defined because x0 ̂  0, and because scaling all entries on the left does not affect the values
on the right. Thus U0 is diffeomorphic to Rn; it is an n-cell. In order to determine what RPn - U0 is,
note that a bracketed (n + l)-tuple [x0,..., xn\ is in RPn - U0 if and only if x0 = 0 but not all entries
are zero; equivalently, a point of RPn - U0 is just a choice of x\,..., xn, not all zero. In other words,
this complement is nothing other than a copy of RPn_1. We have found that

RPn = DnURPn_1, ■
where we write Dk for an open /c-dimensional cell. Noting that RP° is just a point and inducting
downwards,

RPn = D°UD1U---UDn.
This is the desired CW structure. Intuitively, RPn contains an n-dimensional plane, and a copy of
RPn_1 "at infinity"; this RPn_1 represents all possible directions in Rn, up to identifying opposite
directions. For instance, the projective plane contains the ordinary plane, as well as a circle's worth
(RP1 = S1) of infinities, each point on this circle being a direction in which you can go off to infinity
from the plane.

1.5 Conclusion
To recap: as early as Euler, the curious observation had been made that the quantity F - E + V cor
responding to a convex polyhedron always equals 2. This so-called Euler characteristic was computed
for other sorts of shapes, and results about it were proven, but it was not until the machinery of ho
motopy invariance became available that these results became "trivial" to prove. Indeed, any convex
polyhedron can be "smoothed out" into a sphere, which has Euler characteristic 2.

13



In cases where we cannot immediately see what the Euler characteristic is by such a geometric trick,
we can employ more sophisticated methods in our computations. The results of Morse and of Poincare
and Hopf that we have encountered tell us that given almost any vector field or smooth function on a
manifold, we can compute the Euler characteristic of that manifold; viewed conversely, we can read
these theorems as describing a topological constraint on any vector fields (with finitely many zeroes)
or smooth (Morse) functions which may appear on a given manifold.
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Abstract

The focus of this paper is the famous theorem on primes in arithmetic progressions due to Dirichlet: if
a and m > 0 are relatively prime integers, then there exist infinitely many primes of the form a + km
with k a positive integer. The proof of this theorem in the general case uses analytic techniques, and in
fact some key statements heavily rely on complex analysis. The case a = 1, however, can be handled
by purely algebraic methods as we will show in Section 2.1 following suggestions given in [La]. In
Section 2.2, we will outline the idea of the proof of Dirichlet's theorem as it is presented in [IR] and
[Kn] for the case m = 4. Finally, in Section 2.3, after a brief discussion of characters of finite abelian
groups following [Se], we will present the proof of Dirichlet's theorem (cf. [IR, Kn, Se]).

2.1 There are infinitely many primes p = l(mod m): algebraic
proof

Let P = {2,3,5, • • • } be the set of all primes. For relatively prime integers a and m > 0 we let

Pa(m) = {P^P\P = a(mod m)}.

Dirichlet's Prime Number Theorem states that Pa(m) is always infinite. In this section, we will prove
this for a = 1 by using purely algebraic techniques. It is interesting that the argument can be traced
back to Euclid's proof of the fact that P is infinite: if P = {pi,..., pr } then for any prime factor p of
Pi • • • pr + 1 we have p ^ {pi,..., pr}, a contradiction. We will now do a couple of simple examples
which demonstrate that suitable modifications of Euclid's method allow one to find infinitely many
primes in certain arithmetic progressions.

Proposition 1. The sets P1(4) and P3(4) are infinite.

Proof. Pi (4) : We will use the well-known fact that primes in Pi(4) (in other words, primes of the form
Ak + 1) can be characterized as those primes > 2 for which the congruence x2 = -l(mod p) has a
solution. Assume that Pi(4) contains only finitely many primes, say,pi = 5,p2 = 13,... ,pn. Consider
a = 4pf • • • p2n + 1, and let p be a prime factor of a. Then, just as in Euclid's proof, p £ {pi,..., pn}.
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15



On the other hand, p\a implies that -1 = (2pi • • -pn)2(modp), and thereforep € Pi(4) (as obviously
p > 2). So, p is a "new" prime in P1(4), contradicting our original assumption. Thus P1(4) is infinite.

^3(4) • Again, assume that P3(4) contains only finitely many primes: pi = 3, p2 = 7, ... ,pn.
Consider b = 4p2 • • • pn + 3. Clearly, b is odd, not divisible by 3, and satisfies b = 3(mod 4). Then all
prime factors of b cannot be belong to P1(4) as otherwise we would have b = l(mod 4). Since P =
{2} U P1(4) U P3(4), we conclude that b has a prime factorp e P3(4). But obviously p £ {pi,... ,pn},
w h i c h a g a i n y i e l d s a c o n t r a d i c t i o n . □

It is important to observe that the above argument for P1(4) already contains the idea that we will
use to prove that Pl{m) is infinite for any m : show that there exists a polynomial f(X) e Z[X] (for
m = 4 we used /(X) = X2 + 1) such that awy prime factor p \ m of /(a), where oeZ, belongs to
Pi(m), and on the other hand, the values f(a) as a runs through Z have infinitely many prime divisors.
We will show that the latter property holds in fact for any nonconstant integer polynomial (Lemma 2),
while the former property holds for the m-th cyclotomic polynomial $m (X) (see the proof of Theorem
4). This approach to proving that P1(m) is infinite is suggested in Problems 20 and 21 in Ch. VI of
[La]. We also notice that our argument for P3(4) depends on the fact that an odd prime can get only in
one of the two classes, Pi(4) or P3(4), mod 4, and therefore may not be generalizable for m > 4.

Lemma 2. (Problem 20 in [La], Ch. VI) Let

f(X) = anXn + an^X"-1 + • • • + a0 e Z[X]
be a nonconstant polynomial. Then the nonzero values f(a) with a 6 Z+ are divisible by infinitely
many primes.

Proof. We can assume that a0 ^ 0 as otherwise for any prime p, the value f(pa) is divisible by p for
any aeZ, and of course one can pick an a so that f(pa) ^ 0. Next, observe that

f{a0X) = a0g(X) where g(X) = ana^X71 + • • • + 1,
so it is enough to show that the nonzero values g(a) with a e Z+ are divisible by infinitely many
primes. In other words, we can assume that a0 = 1. Suppose that the nonzero values /(a) for a e Z
are divisible only by finitely many primes, say, pu ... ,pr. Consider F(X) = f{px • • -prX). Then
F(X) is a nonconstant integer polynomial of degree n, hence assumes each value at not more than n
values of the variable. In particular, there exists a e Z+ such that F(a) / 0, ±1. Then it follows from
our construction that F(a) is divisible by some p* where i e {1,..., r}. But

F(a) = an(pi--.pra)n + ---+ai(pi---pra) + 1,
so the fact thatpj|F(a) implies thatp^l. This is a contradiction, proving the lemma. □

Obviously, the above proof of Lemma 2 is based on the same idea as Euclid's proof. We will now
give another proof of Lemma 2 which gives some additional quantitative information. For a subset
A c Z and a natural number N we let A(N) = {a 6 A | \a\ < N}. We will use the following
simple idea: given two subsets A, B c Z, to show that A <f_ B it is enough to find N such that
\A(N)\ > \B(N)\. We will apply this idea to the sets

A = {/(a) | a e Z+ and f(a) ^ 0}

and, assuming that the numbers in A are divisible only by finitely many primes pi,... ,pr,

B = {pV-P?Y
Let M = max{|an|,..., |a0|}. Then for any a e Z \ {0} we have

\f(a)\ < \an\\a\n + ... + \a0\ < M(n + l)|a|n.



It follows that if d e N is such that M(n+l)dn < N then all the nonzero numbers among /(l),..., f(d)
belong to A(N). Since / assumes each value at not more than n different values of the variable, we get
that

1 v n ~ n n ~ n \ \ M ( n + l ) J I

because for d one can take
l / r i

d = ( N V N
M(n + 1)

1/n
- 1 . ( 2 . 1 )

Since (1 + n)1/n < 2, we finally get that

Nl /n

On the other hand, since p{ > 2, we see that p*1 • • • p^r < N implies that

oil -\ ar< log2 N,

and in particular, a* < log2 TV for alii = 1,..., r. It follows that

\B(N)\ <( \og2N+l) r.

Since iV1/n/(log2 A^)r -> oo as j/V -+ oo, we find that

\A(N)\ > \B(N)\

for all sufficiently large N. Thus, A <£ B, which yields another proof of Lemma 2. In fact, we proved
the following.

Proposition 3. Fix a natural number r and pick N so that

2M1/nn 2> (log2AT + l)r

If d is defined by (2.1) then the nonzero numbers among /(l), /(2),..., f(d) have at least (r + 1)
distinct prime divisors.

We are now ready to prove the main result of this section.

Theorem 4. For any m > 0, the set Pi(m) is infinite.

Let $m(X) denote the ra-th cyclotomic polynomial (cf. [Co], Sec. 9.1, or [La], Ch. VI, Sec. 3).

Lemma 5. (Problem 21(a) in [La], Ch. VI) Let p be a prime, a and m > 0 be integers prime to p.
Then p\$m(a) if and only if the image a of a in (Z/pZ)* has order (exactly) m.

Proof. First, suppose a has order m in (Z/pZ)*. Then am = 1, or equivalently p\(am - 1). On the
other hand, for any d such that 0 < d < m, we have ad / 1, and therefore p \ (ad - 1). By Proposition
9.1.5 in [Co], we have

X m - l = Y [ $ d ( X ) ( 2 - 2 )
d\m

and therefore
a m - l = H $ d ( a ) . ( 2 . 3 )

d\m
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Let d be a proper divisor of m. Since $d (a) | (ad - 1), it follows from the above that p f $d (a). On the
other hand, p\(am - 1), so we conclude from (2.3) that p|$m(a).

Conversely, suppose p|$m(a). Then it follows from (2.3) that p\(am - 1), i.e. am = I. This means
that the order of a divides m. Suppose the exact order of a is m' < m (clearly, m'\m). Then using
a factorization similar to (2.3) in which m is replaced with m' we see that there exist d\m' such that
p\$d(a) (of course, d < m'). Then a is a root of both reductions $n{X) and $d(X) mod p. It follows
from (2.2) that a is a multiple root of Xm - 1. But since p \ m, the latter has no multiple roots. A
c o n t r a d i c t i o n , p r o v i n g t h a t t h e o r d e r o f a i s e x a c t l y m . □
Proof of Theorem 4. First, let us show that for a prime p \ m, the conditions p|$m(a) and p =
l(mod m) are equivalent (Problem 21(b) in [La], Ch. VI). Indeed, if p|$m(a) then by Lemma 5,
the order of a is m. Thus, (Z/pZ)* contains an element of order m, and therefore its order p - 1 is
divisible by m, i.e. p = l(mod m). Conversely, suppose p = l(mod m). Since the group (Z/pZ)* is
cyclic of order p - 1, it contains an element a of order m. Then by Lemma 5, p|$m(a).

Now, by Lemma 2, the values $m(a) with a G Z are divisible by infinitely many primes. As we
have seen, all these primes belong to Px (m), implying that Px (m) itself is infinite. □

Since cyclotomic polynomials can be described explicitly (see [La], pg. 280), one can use Propo
sition 3 to find, for given m and r, a natural number d such that among prime divisors of the integers
$m(l),..., $m(d) there are at least r distinct primes = l(mod m). For example, if m is a prime
then the cyclotomic polynomial <&m(X) has degree n = m - 1 and the maximum of its coefficients is
M = 1. So, if we choose N so that

N l / ( m - l )

^ — ^ x i o g ^ + i y
and define d by (2.1) then the prime divisors / m of the numbers $m (1),..., <S>m(d) yield at least r
distinct primes in Pi(m).

2.2 The idea of the proof of Dirichlet's Theorem

The idea of Dirichlet's proof of the Prime Number Theorem can be traced back to Euler's proof of the
fact that there exist infinitely many primes. Euler considered the generalized harmonic series

E ^ ( 2 - 4 )
For s G C, we have \ns\ = nRes, so it follows that (2.4) converges whenever Re s > 1. (In fact, it
converges absolutely, implying in particular that the series obtained by any permutation of the terms of
(2.4) converges to the same number, see [Ru], Theorem 3.55.) The sum of (2.4) for s G C such that
Re s > 1 is denoted C(s), and the correspondence s ^ ((s) is called the (Riemann) zeta function.
The key step in Euler's proof is the following.
Lemma 6. For s G C, Re s > 1, we have

peP
where P is the set of all primes.

< ^ = I I T Z ^ ' ( 2 - 5 )

Proof. We recall that we write a = TT an if lim TT an = a. In (2.5), we consider the natural order■L X d — x x ) - L ±
n = l n = l

onP = {pi,...,pd,...},sothat

1 | P | 1n——=n
P T p l - p t J i l ~ P i
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where the cardinality \P\ is either a finite (natural) number or infinity (in fact, the order on P doesn't
matter). Fix d > 1, and let Nd denote the set of natural numbers whose prime factors belong to
{pi,...,pd}. Since

1 _ ^ 1
P n = 0 F

and the geometric series in the right-hand side is absolutely convergent, we have

i=i v Pi nend n

as absolutely convergent series can be multiplied term-by-term (cf. [Ru], Theorem 3.50). Notice that
the order of summation in the right-hand side of (2.6) doesn't matter as the series converges absolutely.
Now, we have

« ' > - n r ^ = E £■i = l x P i n e N - N d

Clearly, any number in N - N^ is strictly greater than pd > d, so

1 ° ° 1— < V^ —E— —> 0 as d —▶ oo,
ns ~ ^—~* nRe s

n € N - N d n = d + l

a n d ( 2 . 5 ) f o l l o w s . □

p£P
we have

Now, suppose that P is finite. Then JJ — is a finite number, say A. For any s G R, s > 1,
p t P p

<« = n 1^*111^ = *
p e p F p e p F

.e. C(s) is bounded above by A as s —▶ 1+. Let us show that this is not the case. For any d G N, we

E^<(*)<A
have

d

71 = 1

d

Taking the limit as s —> 1+, we get V^ 1/n < A for all d. This implies that the harmonic series
n = \

oo

y^ l/n converges, a contradiction. Thus, P is infinite. Using a bit more analysis, we can derive the
n = l
following stronger statement, which is crucial for Dirichlet's Theorem.

Proposition 7. For s e C,Res > I, let

PePy

Then \(s) is unbounded as s —> 1+ in R, and consequently the series Y^ 1/p diverges
pep
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Proof. Since C(s) > 0 for s > 1, we derive from (2.5) that

Using the expansion

we get

Let

l n C ( s ) = ^ - l n ( l - p - s ) . ( 2 . 7 )
p€P

ln ( l +a : )=a r - i - + l - f o r \ x \ < 1 ,

_ l n ( l _ p - S ) = ^ + J _ + J _ + . . . . ( 2 8 )

/ x 1 1
PM5J - 2p2* + V7

Clearly, for any s > 1 we have

0 < f t > ( * ) < ^ (1+±+47+...\ p s p z s ) p2s
. ! < !
2(1 -p~s) ~ p2s

It follows that for any d,
d d 1 ( X ) -

E*.(-)^Ei^Ej? = c(2).t = l z = l P * n = l ^

So, for any s > 1, the series ^#p(s) converges and its sum g(s) satisfies 0 < #(s) < f(2); in
peP

particular g(s) remains bounded as s -> 1+. On the other hand, by combining (2.7) and (2.8), we
obtain

lnCM = A(a)+0(s).
Since C(s) is unbounded and p(s) is bounded as s -> 1+, we conclude that A(s) is unbounded.

Now, suppose the series J2peP 1/p converges, say to B. Then for any s > 1 and any m G N we
have

m 1 ? n 1

EP4<E^*-i = l p » i = l ^

Ta k i n g t h e l i m i t a s m - > o o , w e g e t A ( s ) < B , a c o n t r a d i c t i o n . D

The idea of the proof of Dirichlet's Theorem is to establish an analog of Proposition 7 for the
function which is defined just like A, but using, instead of all primes, only those primes that occur in a
given arithmetic progression. More precisely, for s G C, Re s > 1, define

*a(m)M= E IJ-V
PePa(m) ^

Then to prove that Pa(m) is infinite (which is what Dirichlet's theorem claims) it is enough to show
that va(m)(s) is unbounded as s -> 1+. In the remaining part of this section we will show (following
[IR], Ch. 16, Sec. 2 and [Kn], Ch. VII, Sec. 1) how this idea can be implemented for m = 4; in other
words, we will show that P1(4) and P3(4) are infinite.

We obviously have
A(s) = 2-s+^(4)(s)+^3(4)(5),

so it follows from Proposition 7 that the function

A+(s) =^l(4)M + «>3(4)W
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is unbounded as s —> 1+, and therefore at least one of the functions i/1(4) (s) or ^3(4)(s) has this
property. What we want to show is that both functions have this property. For this we need to identify
the contributions of ̂ i(4) (s) and i/3(4) (s) to A+(s) separately. The sets Pi(4) and P3(4) can be separated
by the following function \ defined on Z :

xip)
0 n = 0 (mod 2),
1 n = 1 (mod 4),
-1 nEE3 (mod 4).

Consider

pep F
(Notice that this series absolutely converges for all s G C, Re s > 1.) Clearly,

^1(4) W = 5(A+(5) + A"(S)) and ^3(4) W = ^OM*) " A"(5))'

So, since A+ (s) is unbounded as s -> 1+, to prove that both j/1(4) (s) and ̂ 3(4) (s) have this property, it
is enough to show that A_(s) remains bounded.

Proposition 8. The function A_(s) remains bounded as s —» 1+.

Proof. Consider the series
O O / x .

L_(5) = V^-v J £-< ,ns
n = l

This series converges absolutely for all s G C, Re s > 1, but its real advantage over A_(s) is that it is
alternating, and therefore its sum can be easily estimated (notice that A_(s) = -3~s + 5~s - 7~s -
ll~s H is not alternating). We have

L_(5) - 1 - 3~s + 5"s - 7~s + • • • = (1 - 3"s) + (5~s - 7"s) + • • ■
from which it follows that L-(s) > (1 - 3"s) > 2/3 for all s > 1. Similarly, from

L_(5) = 1 - (3"s - 5"s) - (7"s - 9"s)

we conclude that L_(s) < 1 for all 5 > 1. To connect L-(s) and A_(s), we observe that the function
X is a multiplicative homomorphism, using which and repeating the proof of Lemma 6 word-for-word,
one proves that

L ( s ) = | i - ^ - s
(see Proposition 16(i) for a general statement). Then proceeding as in the proof of Proposition 7, we
see that

l nL_ (5 ) = E - l n ( l -X (p )p -
peP

n s \

and

It follows that

x (p ) x (p )2 x (p )3
p s 2 p 2 s 3 p 3- l n ( l - X ( p ) p - s ) = ^ + ^ + ^ +

lnL_(s) = X.{s) + h(s)
where h(s) is a function that remains bounded as s —> 1+. We showed above that 2/3 < L-(s) < 1
f o r a l l s > 1 , s o t h e b o u n d e d n e s s o f A _ ( s ) a s s — > 1 + f o l l o w s . □
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2.3 The proof of Dirichlet's Theorem
The function \ used in Section 2.2 to separate P1(4) and P3(4) can be viewed as a character of (Z/4Z)*
extended by 0 on the numbers (or classes of numbers mod 4) that are not relatively prime to 4. So,
it is not surprising that the proof of Dirichlet's theorem for arbitrary m uses characters of (Z/raZ)*
extended to Z/raZ by 0 on the classes that are not relatively prime to m. For this reason, we begin with
a brief discussion of characters of finite abelian groups, following [Se], Ch. VI, Sec. 1.

Let G be a finite abelian group. By a character of G we mean a group homomorphism x: G -> C*.
All characters of G form a group under the operation (xiX2){g) = Xi (g)X2(g), which will be denoted
G and called the dual of G.

Example 2.3.1. Let G = Z/nZ. Then any \ e G is completely determined by its value x(l). Since
1 has order n, we get x(l)n = 1, i.e. x(l) belongs to the group pn of n-th roots of unity. Conversely,
given any C G pn, the correspondence x: a -» Ca is a character of G such that x(l) = C Thus, the
map

G 3 x ^ x ( i ) e / / n
is a bijection. Moreover, the equation (X1X2XI) = Xi(l)X2(l) tells us that this map is a group
homomorphism, hence in fact a group isomorphism. Thus, in this example G ~ pn (noncanonically),
which means that a finite cyclic group is isomorphic to its group of characters. Furthermore, if Cn =
cos(27r/n) + isin(27r/n) then the corresponding character x(a) = Q has the property xifl) ± 1
whenever a ^ 0, so for any nontrivial element of a cyclic group there is a character that does not
vanish on this element.

We will now extend these observations to arbitrary finite abelian groups.

Proposition 9. Let G be a finite abelian group. Then

(i) G ~G (noncanonically), in particular, \G\ = \G\;

(ii) for anygeG.g^ e, there exists x G (5 such that \(g) + 1.

Proof. We first observe that if G = Gx x G2 then the correspondence

G^GlxG2, x~(x|Gi,x|G2),
is an isomorphism of groups. Indeed, it follows from the definition of multiplication on the character
group that 0 js a group homomorphism. Since Gi and G2 generate G, 0 is injective. Finally, given
(Xi,X2) € Gi x G2, the map *: G -▶ C* defined by x(<?) = Xi(^i)X2^2) if g = (gug2) is a
character of G which restricts to xi and X2 on Gx and G2 respectively, proving that 0 is surjective.

By the structure theorem for finite abelian groups (see [Ar], Theorem 12.6.4), G ~ Gx x • • • x Gr,
where Gi are cyclic groups. Then it follows by induction from the above remark that the correspon
dence

G - ^ G l x . . . x G r , . x ^ ( x \ G i , . . . , x \ G r ) ,
is a group isomorphism. According to the example, Gl ^ Gi for all i = 1,..., r, yielding (i). If now
g G G is a nontrivial element then g = {gu..., gr) and there exists an i such that g{ is nontrivial. As
we observed in the example, there exists \% £ G{ such that Xi{9%) # 1- Then the character x € 5
corresponding under £, to the r-tuple (xoi, •. •,Xi, • • •, Xor), where xoj is the trivial character of Gh
h a s t h e p r o p e r t y x { g ) + 1 . D

Corollary 10. L^r iif Z?e a subgroup ofG, and let G -^-> J& /?^ ̂ e homomorphism given by restriction.
Then p is surjective.
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Proof. Assume the contrary. Since \G\ = \G\ and \H\ = \H\, this means thatj^ker p\ > [G : H\. But
any x £ ker p, having trivial restriction to 77, induces a character of x € G/// defined by x(##) =
x(#). Clearly, the map kerp -> G/jtf, x »-* X, is injective, so we obtain \G/H\ = \G/H\ > [G : if],
a c o n t r a d i c t i o n . D

For a fixed g G G, the map Sg: G -^ C*, <5g(x) = x(p)> is a character of G. Moreover, the map
£: G —> G, 9 •-> <5g is a group homomorphism.

Corollary 11. £ is a group isomorphism. Thus, G is (canonically) isomorphic to its second dual G.

Indeed, it follows from (ii) that e is injective. On the other hand, by (i), \G\ = \G\ = \G\, whence
s is an isomorphism.

The following proposition and especially its corollaries play a crucial role in the proof of Dirichlet's
theorem.

Proposition 12. (i) Let x € G. Then

Y-yW=/lGl X is tr iv ial ,* - L 1 0 o t h e r w i s e .x £ G v

(ii) Let x G G. 77ien
'\G\ x = e,

x / e.
v C ( 7 ^X€G

Proo/ (i): The first assertion is clear. To prove the second, pick y G G so that x(y) / 1- Then

x e G x e G \ x e G I

It follows that
(xG/)-i)£x(*) = o,

and therefore ^ x(#) = 0.
xeG

(ii): In the notations introduced prior to Corollary 11,

Since Sx = 1 <(=> x = 1, our claim follows from part (i) applied to G. D

Corollary 13. For x,y G G we have

Exw-ix(»)=('G| x:y'
Indeed, ^ x(x)~lx{y) = ^ x(^_12/)5 so we can apply (ii).

x e S x e 8
Now, fix ra > 1 and let Gm = (Z/raZ)*; clearly, \Gm\ = (p(m). Given \ G Gm, we extend it to a

function on all of Z/raZ by defining its value to be 0 on classes mod m that are not relatively prime to
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m. Composing this function with the canonical homomorphism Z -> Z/raZ we obtain a function on Z
that will be denoted by the same letter *. Notice that x(ab) = x(a)x(&) for all a,beZ.A special role
in the proof is played by (the function on Z obtained from) the trivial character xo which in this context
is called thej>rincipal character. Thus, xo(a) = 1 if a is relatively prime to m, and 0 otherwise. For
each x G Gm, we define

A(S,X) = £*M.
p€P F

Since |x(a)| < 1 for all a G Z, the series in the right-hand side absolutely converges for all seC,
Res > 1.

Corollary 14. In the notations introduced in Section 2.2, for any integer a prime to m we have
1

</?(m)
Ua {̂s) = ̂ \ E *(°) lA(s'*)

xeGm
for any s G C, Res > 1.

Indeed, using the definition of A(s, x) we obtain

X e G m x € G m P e P

P G P ^

as

—T = <p(m) ' Va(m)(8)
pePa(m) P

^ L 0 x / o t h e r w i s e .
xeGrr,

according to Corollary 13.
The following theorem comprises the most technically complicated part of the proof of Dirichlet's

theorem.

Theorem 15. (i) The Junction A(s, xo) is unbounded as s -> 1+.
(ii) For x ̂  Xo, the function A(s, x) remains bounded as s —> 1+.
Theorem 15 in conjunction with Corollary 14 immediately implies Dirichlet's theorem. Indeed,

Theorem 15 implies that the function

^a(m)(s) = ^R ^ x(a)_1A(s,x)
xeGm

is unbounded as s —> 1+. Since

Va(m)(s)= Yl &>
pePa(m) y

this implies that the set Pa(m) is infinite.
The remaining part of this section is devoted to proving Theorem 15. Assertion (i) is easy: we

obviously have
A(s) = E4+A(*>Xo),

p \ m
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so the required fact immediately follows from Proposition 7. On the contrary, assertion (ii) is very
difficult. First, as we have already seen in the proof of Proposition 8, it may be easier to work instead
of A(s, x) with a similar expression in which the summation runs over all natural numbers instead of
just primes:

K..x) = E-*(n)n*n = l

This series absolutely converges for s G C, Re s > 1 and defines a function in this domain which
is called the Dirichlet L-function corresponding to the character x- The following proposition relates
L(s,x) andA(s,x)-
Proposition 16. For any character x mod m and any s G C, Re s > 1, we have the following:

0)L{s,x)= U-,—rv-ri;

(ii)\nL(s,x) = A(s,x) + g{s,x) where g(s,x) is bounded as s —> 1+.

Proof (i): We will imitate the proof of Lemma 6. Again, let Nd denote the set of natural numbers
whose prime factors are among the first d primes p\,..., pd. For a fixed prime p we have

i = 1+m+(xM)\ . . .
i - x { p ) p ~ s p s \ p s J

i + *M + x(p2
P2s

It follows that

n 1 - f \ ( i \x{Pi) ix(r f) \ )l\i-x(Pi)p-s'l\v+ pi + vr )

because

Now,

x(pi)ai x(Pd)ad _x(pV---pT
pV '" pT pV-pT

i=1 1 XWilP, „€N-Nrf
Since any n € N — Nd is > d, we have

X(n)E
n€N-

< y^ —5 > 0 as d —▶ oo,— / > n s
n=d+ l

proving (i).
(ii): Here the argument is similar to the proof of Proposition 7. From (i) we derive that

l nL (s , x ) = $> ln ( l - x (p )p "s )
peP

On the other hand,
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where

Then

as we have seen in the proof of Proposition 7. Then for any d,

EM*>*)i<Ei^Ei = <(2).
71=1

This means that for any s > 1, the series ̂ pp(s,x) absolutely converges, and its sum g(s,x)
peP

satisfies |p(s,x)| < C(2), hence remains bounded as s -+ 1+. Since ln£(s,x) = ^0,x) + #(s,x),
( i i ) i s p r o v e n . r j

It follows from Proposition 16(ii) that to complete the proof of Theorem 15 one needs to show that
if X / Xo, L(s, x) approaches some nonzero number as s -> 1+. This part of the argument heavily
relies on complex analysis. Let

Cmw= nL^^'
xecd

Proposition 17. (i) L(s, xo) extends meromorphically to the domain D = {s G C | Re s > 0} with
the only pole at s = 1, and this pole is simple.

(ii) For x ^ Xo, L(s, x) extends holomorphically to D.
(Hi) (m(s) extends meromorphically to D with a pole at s = 1.

Assume for now Proposition 17. Then for x ^ Xo,

lim L(5,x) = I(l,x),
s—>l +

which is a finite number. Suppose L(l, x) = 0 for at least one character x ^ Xo- Then in the product
L(s,xo)£0,x) the zero of L(s,x) would annihilate the pole of L(s,xo) at s = 1, implying that
the product is actually holomorphic at s = 1. Since the L-functions for all other characters are also
holomorphic at s = 1, we would get that (m(s) is holomorphic at s = 1, which contradicts Proposition
17(iii).

Analyticity in parts (i) and (ii) is derived from the following general statement.
Lemma 18. Let U be an open set ofC and let {fn} be a sequence of holomorphic functions on U
which converges uniformly on every compact subset ofU to a function f. Then f is holomorphic in U.

P r o o f S e e [ S e ] , p g . 6 4 - 6 5 . □
Proof of Proposition 17(i). First, we will show C(s) extends to a meromorphic function on D with a
simple pole at s = 1. For s > 1 we have

■n+l—- = / rsdt = Y / rsdt.

Hence we can write

1 ^ L / 1 / * n + l \ i o o r n + i
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Set now
rn+1

<l>n(s) / (n~s - t~s)dt and 0(s) = ]T d>n(s).
J n n = 1

Our goal is to show that <j>{s) is defined and analytic in D; then l/(s - 1) + </>(s) will be the required
meromorphic extension of C(s). Since each of the functions <j>n(s) is analytic in D, the analyticity of
<j> will follow from Lemma 18 if we can show that the series J2 <Ms) converges uniformly on every
compact subset of D. But any compact subset of D is contained in

KaiC = {seC\Res><T, \s\ <c}

for some c, a > 0. Let ^n,s{t) = n~s - t~s. Then for any t0 e\n,n+ 1] we have

\lpn,s(t0)\ = |^„„s(*o) - lI>nAn)\
< max Wn,8(t)\ - \t0 - n\

t€[n,n+l]
I * I 1 * 1

< m a x
t e [ n , n + l ] \ t 8 + l \ n R e s + l

So, for s G Ka,c, we have

Since the series ̂  ̂ r+r converges, the series £ <£n (s) uniformly converges on -ftT^c by the Weierstrass
M-test (cf. [Ru], Theorem 7.10).

Now, it remains to relate CO) and L(s, xo)- Suppose m = q"1 • • • q?r. Let N' be the set of all
natural numbers of the form q{l • • • q&r, and let N" be the set of all natural numbers that are relatively
prime to m. Then any n G N can be uniquely written in the form n = n'n" with n' G N', n" G N". It
follows that

r i 6 M \ n € N ' / \ n £ N " /

E ̂  = L(s>*°)
nEN"

r

So, L(s, xo) = CW^1 W. where F(s) = JJ(1 - g~s). Since F(s) is holomorphic and has no zeroes

i n D , w e o b t a i n o u r c l a i m . □

But

and

Proof of Proposition 17(H). We will prove analyticity of L(s, x) in D for x ¥" Xo by showing that the
series

X(n)
nsÊ

converges uniformly on compact subsets of D. The proof imitates the proof of Abel's and Dirichlet's
test for convergence of series of the form ]T anbn (cf. [Ru], Theorem 3.41). Let an = x(n), bn = n~s.
To apply the Cauchy criterion, we need to show that | Yln=M an^n I becomes arbitrarily small uniformly
on Ka,c for M < AMf M is large enough. Let An = $ZJJ=1 an. The crucial thing is that the assumption
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X 7^ Xo implies that \An\ < C for some constant C independent of n (which, of course, is false for
X = Xo')- Indeed, for any a G Z we have x(a) = x(a + m), and besides it follows from Proposition
12(i) that

X>(n)=0.
Thus, if n = dm + r where 0 < r < m then

dm+r
4> = E*(*)= E X(k) = "£x(k) = Ar

k=dm+lk= l k= l

where by convention A0 = 0. So, C = max{|^ |,..., |Am_i|} will work.
Substituting an = An - An-i, we get

N - l

n = M n = M

We have seen in the proof of part (i) that

22 anbn = X] An(bn ~ K+i) + ANbN - AM-ibM- (2.9)

|n"s-(n + l)-s|< ,Res+l "

So it follows from (2.9) that

22 anbn
n = M

N - l

^E C\s C C

n = M nRe s+1 ^ MRe s NRe s '

Thus, ifseKac then

22 an̂n
n = M

N - l
^ P 1 2 G<Cc > —— +

n = M

Since the series £ ^f+t converges, we see that | J2n=M anK\ becomes arbitrarily small uniformly on
K a , c i f M i s l a r g e e n o u g h , c o m p l e t i n g t h e p r o o f . □
Proof of Proposition 17(iii). We only need to show that Cm («) cannot be holomorphic at s = 1.
Lemma 19. For an integer a prime to m, let f(a) denote the order of a in Gm, and let g(a) =
ip(m)/f(a). IfT is a variable then

H (l-x(a)T) = (l-T'<°>)*<a>.
xed ,̂

Proof Let H be the cyclic subgroup of Gm generated by a; \H\ = f(a). Then the set {x(a) | x € H}
is precisely the set of all /(a)-th roots of unity. It follows that

Y[(X-x(a)) = xM-l.
xeH

Substituting X = T~l and multiplying by Tf<<a\ we get

Y[(l-x(a)T) = l-TfM.
xeH
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Now, the homomorphism of restriction Gm —> H is surjective (Corollary 11) and its kernel has order
g(a). It follows that

/ \ 9 ( a )

JJ (1 - x(a)T) = f [] (1 - x(a)T) ) = (1 - r'<«>)'<«>.
x e G m \ x e H

Using Lemma 19, we can transform the expression for Cm(s) :

-f(p)s\g(p)'

□

(2.10)

Since
1 + -77TT7 +

(1—p- / (p )s ) p / (p )« p2 f {p )s
it follows from (2.10) that Cm W can be written in the form

u * ) = E S ( 2 - U )
n = l

(a Dirichlet series) with cn > 0, and the series converges for \s\ > 1. Assume now that Cm(«) is
holomorphic at s = 1. Then Cm W is holomorphic everywhere in D. By applying [Se], Prop. 7, Ch.
VI, we conclude that the series in (2.11) converges everywhere in D. To see that this is false, we observe
that

(1 _p-/(p)a)0(p)
= (i _|_p-f(p)* _^p-2/(p)s _| \g(p)

> I +p-f(m)s +p-2v?(m)s + #
1

1 _p-V?(m)s '

So,
O O - .

E ^ I I 1 3 ^ 7 = E n - ^ = L M m ) S , x o ) .n = l ( p , m ) = l ( n , m ) = l

But we already know that L(ip(m)s, xo) diverges for s = ^(m)_1, so £ ^ cannot converge for the
s a m e v a l u e o f s . A c o n t r a d i c t i o n . □

This concludes the proof of Dirichlet's theorem.
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Abstract

This project is based on the study of two kinds of representation theory: quiver representation theory
and Lie algebra representation theory. By looking at some simple examples, we'll show how the two
are connected. Indeed, we'll identify the isomophism classes of simple and indecomposable represen
tations of a particular quiver with relation with the equivalence classes of simple and indecomposable
representations ofsi2(k). Throughout this paper, k will indicate an algebraically closed field of char
acteristic 0.§

3.1 Quivers
3.1.1 Definitions
A quiver is directed graph Q = (Q0, Q{) where Q0 is the set of vertices (which is assumed to be
finite) and Qx the set of arrows, with maps /i, t : (Ji -> Q0 which assign to each arrow its head and
tail, respectively. Every vertex i e Qo has an associated edge et such that hfe) = t(ei) = i.

A path is a sequence of arrows p = axa2 • • • an such that h(ak+i) = t(ak) for k = 1,..., n - 1.
The head of the path is /i(ai), and the tail of the path is t(an). Each e* (defined above) is a trivial path
which starts and ends at the vertex i.

An oriented cycle is a path p such that h{p) = t(p), and h(ai) ^ t(a,j) for any other i^j + l.
It is easy to see the following property:

Proposition 1. A quiver with an oriented cycle has an infinite set of paths.
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Given a quiver Q, the path algebra kQ is the k-vector space generated by all paths in Q with
multiplication rule:

jpq if h(q) = t(p)p * q = <10 otherwise.
Given a point i G Qo, we have that a is the null path beginning and ending at that point, so

a*ei = a whenever t(a) = i and e* * b = b whenever h(b) = i. Note that the path algebra has a unit
given by ^ e*-

ieQo

Example 3.1.1. The Jordan quiver J has one vertex J0 = {1} and one nontrivial arrow Jx = {ex, a},
such that t(a) = h(a) = 1.

Its path algebra has basis {ei, a, a2,...} and is thus infinite-dimensional.

Example 3.1.2. The 2-Kronecker quiver K2

6

has finite-dimensional path algebra with basis {ei, e2, a, b}.
However, the cyclic 2-Kronecker quiver C2 presented by

e i • ^ • e 2
b

has an oriented cycle, and its path algebra is infinite-dimensional with basis

{ei, e2, a, b, ba, ab, aba, bab,..., (ba)k, (ab)k, a(ba)k, b(ab)k,...}.

Example 3.1.3. The 3-Kronecker quiver K3 presented by

e \ • b ▶ • e 2

has finite-dimensional path algebra with basis {e\,e2, a, b, c}.

3.1.2 Quivers with relations
We can impose further relations on the composition of arrows. This is equivalent to quotienting the
path algebra by the apropriate ideal.
Example 3.1.4. For the Jordan quiver defined above, we can impose the relation ak = e\ for some
k eN. The resulting path algebra has basis {ei, a, a2,..., ak~1}.

Example 3.1.5. For the quiver C2 defined above, we can impose the relation ab = e2, to obtain a
quiver with path algebra basis given by {e\ ,e2,a, 6, ba).

3.2 Quiver Representations
3.2.1 Definitions
Given a quiver Q, a quiver representation of Q is a collection {Vi\i G Qq} of finite dimensional
k-vector spaces together with a collection {(j)a : Vt(a) —> ^/i(a)l« € Qi} of k-linear maps such that
<t>a<t>b = <t>ab-

From now on, we will denote a representation by 1Z = ({Vi}, {0a})-
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Example 3.2.1. The representations ({V}, {(/>}) of the Jordan quiver are given by all n x n matrices
A^, where n = dimV.

Suppose ft = ({Vi},{(j)a}) and ft' = ({Wi},{^a}) are representations of Q. Then ft' is a
subrepresentation of ft if

• for every i e Q0, W{ is a subspace of V{ and

• for every a G Qu the restriction of 0a : Ft(a) -+ Vh{a) to Wt(a) is equal to ^a : Wt(a) — Wh{a).

The zero representation of Q is given by ({VJ, {0a}) such that V^ = 0 for all i G Q0 and 0a is
the zero map for all a G Qi. A non-zero representation ft is called simple representation if the only
subrepresentations of ft are the zero representation and ft itself.

If ft = ({VS}, {0a}) and 5 = ({WJ, {tpa}) are representations of Q then we can define the direct
sum representation ft 0 <S = ({L/J, {pa}) by taking:

• Ui = Vi® Wi for every i e Q0t and

• Pa : Vt{a) 0 Wi(a) -* l^(fl) e Wh{a)9 given by the matrix ( ^ ^ ) •

If ?e and S are two representations of Q, then a representation morphism $ : ft -▶ 5 is a
collection of k-linear maps {<^ : Kj -> ^|z G Q0} such that the diagram

Vt(a) a~^ Vh(a)

<Pt(a) <Ph(a)

WHa) —^ Wh(a)

commutes for all a G Qi. If ^ is invertible for every i e Q0, then the morphism $ is called an
isomorphism and K and S are called isomorphic representations.

A representation ft of a quiver Q is called decomposable if ft ~ 5 0 T where S and T are
nonzero subrepresentations of Q. A nonzero representation is called indecomposable if it cannot be
written as such a direct sum. For any quiver Q, the simple representations of Q form a subclass of its
indecomposable representations.

3.2.2 Isomorphism Classes of Representations
The study of quiver representations is significantly simplified if we consider isomorphism classes of
quiver representations rather than representations themselves. To find a representative element of each
isomorphism class, we apply representation isomorphisms to change the basis of the vector space at
each vertex in order to simplify the matrices for the maps at each arrow. For representations over C
with equidimensional vector spaces at each vertex, this process is the same as that of the Jordan normal
form.

Example 3.2.2. For the Jordan quiver with one vertex and one arrow, every isomorphism class of
representations has a representative element of the form ft = ({Vi}, {Ji}) where Jx is a matrix in
Jordan normal form and V\ is a vector space with the associated basis.

This is a direct consequence of the theorem that every square matrix M = P~lJP, where J is in
Jordan form and P is an invertible matrix corresponding to the change of basis required to isolate the
eigenspaces of the operator; see [Ha].
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If we restrict ourselves to representations with invertible maps at each arrow, we may simultane
ously describe the isomorphism classes of representations of quivers which differ from each other only
in the orientation of their arrows. Note that the invertibility condition implies that the representation
must have equidimensional vector spaces at all vertices. The isomorphism classes of these representa
tions can often be described neatly, by analogy to the case of the Jordan quiver.

Example 3.2.3. Given any representation ft of the cyclic 2-Kronecker quiver C2 of the form

l l= ( {V l ,V2 } , {A ,B } ) ,

where A and B are both invertible, we can find an isomorphic representation of the form:

A I d
V i t ' , • V i = 1 7 * J , • v i

B J

with J in Jordan form. To find this isomorphic representation, let B\ and B2 be bases for V\ and V2,
respectively. Take Pq to be the change-of-basis matrix taking B2 to AB\. This is possible because
invertibility implies equidimensionality. Then the representation isomorphism $0 = (Id, Pq) yields
the isomorphic representation

n' = ({V{,Vih{Id,BA}).

We can find an invertible matrix Pi such that BA = Pf1 JPi, where J is a Jordan-form matrix.
Applying the representation isomorphism $1 = (Pi, Pi) yields the desired isomorphic representation.

Since we are considering only representations ({Vi}, {cf)a}) with 4>a invertible for all a G Qi,
quivers that differ only in the direction of their arrows (such as K2 and C2) have the same sets of
representations. However, these quivers still have different representation theories (for example, dif
ferent classes of simple representations), because the definition of a subrepresentation depends on the
direction of arrows.

Example 3.2.4. The case of the 3-Kronecker quiver K3 is more complicated than that of the 2-
Kronecker, because we may not be able to simultaneously put the maps on the second and third arrows
in Jordan normal form. However, in the case dim(Vi) = dim(F2) = 2, we will always be able to
conjugate bases and obtain an isomorphic representation of the form:

4 > a I d

V > 4 > b * m V 2 9 * V { m J * % V {

U *J
3.2.3 Simple Representations
Definition 2. An z-th canonical representation ft* for the quiver Q = (Qo, Qi) is a representation
of the form

ft = ({Vj = ^k}, {4>a = 0 for all a G Qi}).

where Sij = 1 when i = j, 6{j = 0 when i ^ j.

Proposition 3. Let Q be a quiver with no oriented cycles. A representation ft of Q is simple if and
only if it is canonical.

Proof. (<=) A canonical representation ft must be simple, because its only proper subrepresentation is
the zero representation.

(=>) We will show that every non-canonical representation has a canonical subrepresentation.
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Lemma 4.IfQ = (Q0, Qx) is a quiver with no oriented cycles, then there is some vertex i G Qo such
that i / t(a) for all arrows a G Q\. Such an arrow is called a sink.

Proof. Suppose for every v{ G Q0, Vi = t(a) for some a G Qi. Choose some vx G Q0 and form a path
as follows: Choose an such that t(an) = vn. Write vn+1 = /i(an), and repeat. As Q0 is a finite set,
eventually we will get vn+x = v{ for some i < n. Then p = a{ • • • an is an oriented cycle in Q. But by
assumption, Q has no oriented cycles, so some vertex in Q must be a sink. □

So let Q be a quiver with no oriented cycle, let xx G Qo be a vertex such that t(a) ^ zi for all
a G Qi. Given an arbitrary representation i? = (Vi, p0), if V^ ^ {0}, then write zn - a?i and proceed
to the construction of S below.

If Vi, = {0}, define Q' = (Q0 = Qo\{*i},Qi = Qx\{a G Qi\h(a) ± x{\). As Q contained no
oriented cycles, and Q0 c Q0, Q[ C Qi, Q' contains no oriented cycle, so we may apply the lemma.

So we may let x2 G Q0 be a vertex such that t(a) ^ :r2 for all a e Q[. Define the representation
ft' of Q' by restricting the representation ft, and repeat the process described above.

If ft is a non-trivial representation of Q, we will eventually find xn G Q0 such that VXn ^ {0} but
Vh(a) = {0} for all a G Qi such that t(a) = xn.

Construct a representation S of Q by taking

S = ({W< - <Jnik}, {0a = 0 for all a e Qx}).

Then S is a proper canonical subrepresentation of ft. To see this, observe that Wi C V* for all
z G Qo and define the inclusion morphism from S into ft by P = {P* : W{ <-▶ V*|i G Q0}.

To check that all maps commute, first note that for a G Qi such that t(a) ^ x, Wt(a) = {0}. So
^a : Wt(a) -▶ W^(a) and Pt(a) : Wt{a) -> Vt{a) must both be the zero map. Hence, for all a G Qi
such that *(a) /xwe have: Ph{a) ot[;a = ipao Pt{a) = 0 so the morphism commutes.

Now, for all a such that t(a) = x, we know that Vh{a) = Wh{a) = {0}. So tpa : Vt{a) -+ Kh(fl)f
^a : Wt(a) -» W^ and P/l(a) : W/i(a) -> V^(a) must all be the zero map. So for all a G Qi such that
*(a) = x, we have Ph(a) o ̂ a = <pa o Pi(a) = 0 and the morphism commutes.

There fore , <S is a subrepresenta t ion o f f t o f the des i red fo rm. □

3.2.4 Indecomposable Representations
Here we will work with the examples we have given above. The invertibility of maps and the dimension
vectors will play an important role in giving all the indecomposable representations for some given
quiver.

Example 3.2.5. A representation ft of the Jordan quiver J is indecomposable if it is isomorphic to a
representation with matrix for 0a in Jordan form with a single eigenblock, as such a matrix cannot be
rewritten as a direct sum of two smaller matrices.

Example 3.2.6. For the oriented 2-Kronecker quiver C2 in Example 3.1.2, we have the following
classification:

Proposition 5. A representation ft = ({Vi - Cm, V2 = Cn}, {0a, 4>b}) ofC2 is indecomposable if
and only if one of the following holds:

• ft — ft' = ({V\,V2},{Id,J\}) where J\ is a matrix in Jordan normal form with only one
eigenblock.

• (06 ° 0a)fc = Ofor some k G Z+ and dim ker </>& o 0a = 1.

Proof. Without loss of generality, m>n.
We describe the possible cases, and prove decomposability or indecomposability for each case.
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1. If the composite map fa o fa : V\ —> Vi is invertible, then we must have ra = n, and 0a, fa both
invertible. Thus, by changing bases, we can find an isomorphic representation with cj)a = 7, <j>'h
represented by a matrix in Jordan form.
Then, as shown above, ft is indecomposable if and only if the matrix for <t>'h has only one Jordan
block.

2. If the composite map fa o fa : Vi —> Vi is not invertible, we have two cases:

(a) fa o fa is nilpotent, i.e. (faofa)k = 0 for some /c G Z+
i. Suppose dim ker fao fa = 1. Then take x G ker fa o fa. Then any 2/ in the kernel

of fa o 0a must be a scalar multiple of x. Suppose ft is not indecomposable, so that
ft = ft' 0 ft" where

f t ' - U ^ ! , ^ } , ^ ! ^ ^ ! ^ } ) ^ ^ ! ^ ! , ^ } , ^ ! ^ ^ ! ^ } )
are both non-trivial. Without loss of generality, x G W\.

First suppose 2/ eU\,y / 0. Then by definition of decomposability, (fao(f>a)1 g £A
for all i G Z+. But (fa o 0a)fc = 0, so pick the least j G Z+ such that (fa o 0a>? = 0.
Then (faofaY'1 G ker06o0a so for the y chosen above, (faofa)j~ly = AxG JVi.
But by assumption, yeU\. Thus, [/1 = {0} so Vi = IVi.

Now suppose y G t/2, y / 0. Then, by a dimension counting argument, either y =
fax for some x G Vi or 0&?/ = x for some nonzero x G Vi. In either case, y G W2
by the invariance of subrepresentations. But by assumption, y G U2, so C/2 = {0} so
y2 = W2. Therefore, ft" in the direct sum is the trivial subrepresentation, so ft is
indecomposable,

ii. Suppose dim ker 06 o fa > 1. Write ker 06 o 0a = W0 0 C/0» both of which are
non-zero. For x G Vi, write jx G Z+ is the minimal integer such that (BA)jx = 0,
and define:

Wr = {X G Vi|(06 ° <t>a)jx -lx€ WQ} ,UX = {xe VX\(fa O faY*-1 G t/0)}

These two sets define a decomposition of ft, so ft is decomposable.
(b) fa o fa is not nilpotent; i.e. (faofa)k ^ 0 for all k e Z+. Then there is some integer

j such that Vi = ker(06 o fa)j 0 Wx and (fa ° 0a)j|v^i is invertible. These sets define a
d e c o m p o s i t i o n o f f t , s o f t i s d e c o m p o s a b l e . □

Corollary 6. The vector spaces V\,V2 of an indecomposable representation of C2 can only have di
mensions dim Vi = m = n = dim V2 or dim Vi = m, where m ±1 = n = dim V2-

Proof. In the first case, Vi and V2 must be equidimensional. In the second case, dim ker fa o fa = 1
i m p l i e s | d i m V i — d i m V 2 1 < 1 . □

3.3 Lie Algebras and Their Representations
Definition 7. A Lie Algebra g is a (non-associative) algebra with the multiplication rule given by a
bilinear map [, ] which satisfies

• [x, x] — 0 for all x G g,

• [x, [y, x}} + [y, [z, x}} + [z, [x, y\] = 0 for all x,y,ze g.
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These two properties imply that the [ , ] operation is anti-symmetric, i.e. [x,y] = -[y,x\ for all
x,y eg.

We can construct a Lie algebra from any associative algebra by defining the bracket operation as
the commutator [a, b} = ab- ba.

3.3.1 Representations of s l2 (k)
The simple linear algebra sl2 (k) = {A G M2 (k) | tr A = 0)} of traceless 2x2 matrices is a Lie Algebra
with bracket operation defined by the commutator [A, B] = AB - BA and basis:

0 M f - f ° M h - ( l °
o o J 'J ~\i o J > n-\o -1

We will describe the isomorphism classes of certain subclasses of the simple and indecomposable
representations of sl2(k) and show that these correspond to simple and indecomposable representations
of the 2-Kroneker quiver with an oriented cycle under the relation ab = 0, as described in Example
3.1.5.

We will restrict ourselves to the category G($l2) of representations of sl2(k) such that

• V = © Vk, where Vk = {v e V\hv = kv} is the eigenspace with eigenvalue k for the action
kez

of h on V,

• Vk = 0 for k > 0,

• Each Vfc is finite dimensional.

Given v G Vk, using the bracket properties, calculation gives:

• h(v) = kv,

• h(f(v)) = (k-2)f(v),

• h(e(v)) = (k + 2)e(v).

In other words, the action of / takes the eigenspace Vk with eigenvalue k to Vfc_2 with eigenvalue
k-2, and the action of e takes Vk to Vk+2.

By the given properties, we have that each representation has a maximal eigenvalue ra G Z and:

__ Jk if k = m - 2% for i G Z+,
(0 otherwise.

Thus, if we take v0 g Vm, the set B={vi\i G Z+}, where v{ = p(v0), defines a basis for

V(m) = 0 Vk.
k<m

From the equations above, we can calculate that e(vi) = i(m - i + \)vi+i.
Now, we will describe a chain of examples of such representations; for this we assume that k = C.

Example 3.3.1. (The Verma Module)
Let M(m) be the sl2-module with underlying vector space

M(m) = @kvi
i>0
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and the action given by

h(v0) = mvo, Vi = fl(v0), e(vi) = i(m - i + l)^+i.

It is easy to check that this is in fact a representation and we have a diagramatic picture as in Figure 3.1.
We have defined ra as the greatest eigenvalue of M(ra). If ra is negative, then the map e does not

annihilate any of the other eigenspaces, and we have an infinite-dimensional simple representation.
If the greatest eigenvalue, ra, is nonnegative, the action of e will annihilate the eigenspace M (m) _m_2

since e(vm+i) = 0. In this case, the representation will not be simple; in fact, the k-subspace

0 k
j > m + l

is a subrepresentation isomorphic to M(-m - 2). It will, however, be indecomposable, because the
subspace

0 mm,— m<i<m

is not invariant under the action of /.
Now, for ra > 0 ra G Z, taking the quotient representation

V(m) = M(m)/M(-m-2)

gives a second example of simple representation, the only one with nonnegative integer maximal eigen
value, V(m). Its structure is shown in Figure 3.2(a).

These representations can be related by the following non-split short exact sequence:

0 -> V(-m - 2) -+ M(m) -+ V(ra) -> 0.

Example 3.3.2. (P(-ra - 2) and M*(ra))
Let M (ra) be the Verma module as defined above, and define another linearly independent eigen

vector wo with eigenvalue -ra - 2 such that e(w0) = vm. From w0, we can derive another set {wJi€N
of eigenvectors by the rule Wi = f(wo) for each eigenvalue A = -ra - 2(i +■ 1). Take the direct sum
of the Verma Module with the eigenspaces spanned by these iu-s together with the action of e given by
e(wi) = i(-m - i - l)w;_i + vm+i-

Now we can consider the k-vector space

M(ra)0 0k^
j > 0

with action given by h(wo) = (-m-2)wo,Wi = fl(wo) ande(w;) = i(—m — i — l)t^-i +vm+i- It
is easy to verify that these formulas turn the vector space 0 kvj 0 0 kwi into a module belonging

j > 0 i > 0
to category G(si2). We denote this module by P(-ra - 2) and it has the diagram shown in Figure
3.2(b).

Notice that the k-subspace 0 kvj is a subrepresentation isomorphic to M(-m - 2). Then,
j > m + l

taking the quotient of these two representations, we define M*(m) = P(-ra - 2)/M(-m - 2). This
gives another non-split short exact sequence:

0 -> M(-m - 2) -> P(-ra - 2) -▶ Af *(m) -▶ 0.

Furthermore, M*(m) has the diagram shown in Figure 3.2(c).
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kv0

kvm

f

kvm+1

f

Figure 3.1: The Verma module M(m).

Also, we can see that M*(m) has V(ra) as a subrepresentation which gives directly the next non-
split short exact sequence:

0 -+ V(ra) -> M*(ra) -+ M(-ra - 2) -> 0.

Finally, as P(-ra - 2) has M(m) as a subrepresentation, we get another short exact sequence:

0 -> M(ra) -> P(-ra - 2) -▶ M(-ra - 2) -+ 0.

The following proposition tell us that the above examples are actually all of the examples of inde
composable modules in 0(sl2).

Proposition 8. The following short exact sequences

0 -+ M(-ra - 2) -> M(ra) -> V(ra) -▶ 0
0 -* V(ra) -> M*(ra) -▶ M(-ra - 2) -> 0

0 -+ M(-ra - 2) -▶ P(-ra - 2) -> Af (m) -> 0
0 -* M(ra) -▶ P(-ra - 2) -> M(-ra - 2) -▶ 0

#re tf complete set of equivalence class representatives of non-split short exact sequences of represen
tations in the category G(si2).

A proof can be found in [FH]. In particular, every indecomposable representation in the category
0(b\2) is isomorphic to one of the examples given above.
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kv0 kvo

kt;0

kvn

(a) V(m) (b) P(-m - 2)

Figure 3.2: More sl2-modules.

(c) M*(m)

3.4 A matching example
At this point, for each nonnegative integer ra, we have found two simple representations (M(-m - 2)
and V(m)) and three indecomposable representations (Af (ra), Af*(ra), P(-ra - 2)) of sl2(k).

The next step is to match these representations with representations of some quiver. In order to do
that, we consider the quiver with relation given in Example 3.1.5. The following proposition gives the
classification of the simple and indecomposable representations of this quiver.

Proposition 9. For the quiver with relation given in Example 3.1.5, there are two simple representa
tions given by

k . ^ • 0

0«
o
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0

0

1
▶

(0 1)
•

and there are three indecomposable representations given by:

3.
l

» k▶o

4.

k « " ~ # k

5.

(0 1)

^ >k2
(?)

To prove this proposition, we use the previous results described above.
Notice that we have exactly the same number of simple and indecomposable representation. This

suggests the following correspondence between each simple and indecomposable representations:

Proposition 10. There is a bijective correspondence, which preserves inclusions and quotients, be
tween equivalence classes of simple and indecomposable modules of the 2-Kronecker quiver with rela
tion from Example 3.1.5 and the simple and indecomposable modules ofO($l2), given as follows:

• 1 ^ V(m)
• 2 <-> Af (-ra - 2)

• 3^M*(ra)
• 4 <-> M(m)

• 5 <_> p(_m _ 2)

Proof. By Proposition 8, we have short exact sequences

0 -+ V(m) -> Af *(ra) -> Af (-ro - 2) -> 0,
0 -> Af (-ra - 2) -▶ M(ra) -▶ V(m) -▶ 0,

0 -. Af (-ra - 2) -* P(-ra - 2) -> Af *(ra) -^ 0,
0 -> M(ra) -> P(-ra - 2) -* Af (-ra - 2) -▶ 0.

Quiver representation #5 above has representations #2 and #3 as subrepresentations; #4 has #2 as a
subrepresentation; and #3 has #1 as subrepresentation.

The result follows by observing that P(-ra - 2) has two lie algebra subrepresentations correspond
ing to the two quiver subrepresentations of #5. Then by a dimension analysis for the last exact sequence,
we get the correspondence between the two simple representations. Similarly, Af (ra) has M(-m - 2)
as a subrepresentation, corresponding to the quiver subrepresentation #2 in #4, and Af *(ra) has V(m)
as a subrepresentation, corresponding to the quiver subrepresentation #1 in #3. □

This correspondence is not an accident. In fact, the 2-Kronecker quiver corresponds to the Lie
algebra sl2 under a correspondence developed by Kac and Moody. In this more general matching, a
quiver corresponds to a matrix representing (Uj) where Uj is the number of arrows between vertices
i and j. This matrix then is used to formulate a set of relations which describe the corresponding Lie
algebra.
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Abstract

Complex networks such as the World Wide Web and social relationship networks are prevalent in the
real world, and many exhibit similar structural properties. In this paper, a fitness-based model is devel
oped for these complex networks. This model employs a purely "better-get-richer" method of network
construction that is believed to realistically simulate the growth process of most real-world networks.
Both computer-simulated results and theoretical analysis show that the degree distribution of networks
created with this model depends on the distribution of vertex fitnesses; a power-law fitness distribution
results in the commonly observed scale-free network structure. In addition, results indicate a small
average path length and large clustering coefficient, in accordance with real-world phenomena. It is
proposed that this model may serve as a possible explanation of the prevalence of scale-free networks
in the real world. *

4.1 Introduction
There are many examples of complex networks in the world, from the more common World Wide
Web and social relationship networks to the more obscure power grid of the Western United States and
network of scientific paper citations. Over the past decades, researchers have noted that many such
real-world networks exhibit similar properties in structure and have studied and modeled them together
under the term complex networks. A greater understanding of the structure of these abstract complex
networks will undoubtedly heighten our understanding of the behavior of their real-world counterparts.
Indeed, the study of complex networks has already led to advances in areas such as immunization and
Internet simulation [BB1]. In this paper, we will provide a model of network growth similar to an
existing model, but we will incorporate a fitness concept, and we will examine the structural properties
of our model in comparison to real-world phenomena.

4.2 Background
In the field of complex networks, the individual network components are represented by vertices of a
graph and the connections between them are represented by the edges. For instance, the vertices of a
network representing the World Wide Web would be the web pages, with two vertices connected by an

tZhou Fan, Harvard '10, is a prospective concentrator in mathematics or applied mathematics. He was born in Hangzhou,
China and grew up in Parsippany, New Jersey, where he graduated from Parsippany Hills High School.

*Part of the research for this paper was conducted at the 2005 Research Science Institute under the guidance of King Y. Yick,
sponsored by a grant from the Center for Excellence in Education.
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edge when there is a link from one page to the other. (For the purposes of this paper, we consider only
undirected and unweighted edges.) It has been observed that the vertex degrees of a large majority of
complex networks satisfy a power-law distribution, and such networks are called scale-free [AB].

The Barabasi-Albert model (BA model), one of the most basic and widely-accepted models of
complex networks, captures their scale-free structure [AB]. The BA model constructs networks based
on the two ideas of network growth and preferential attachment: more popular vertices of a network
attract more new vertices. In addition to being scale-free, networks constructed using this model have
a small average path length between vertices and display a relatively high tendency for a vertex's
neighbors to connect to each other; this tendency is known as clustering. Both of these properties
are also observed in real-world networks [AB]. One should note, however, that the BA model always
predicts a power-law degree distribution where the probability density function of the vertex degrees,
k, scales according to fc~3, while the degree distributions of real-world networks have varying powers
of k. Also, a few real-world networks have an exponential degree distribution [St].

4.3 Fitness

The BA model relies on preferential attachment, the idea that a more popular website or scientific paper
will attract more links or citations. A fundamentally different concept is that a more helpful, useful,
ingenious, or simply "better" vertex will attract more such edges. This second concept is fitness-based,
and the "better" vertices are deemed to be more fit. A weakness of the BA model is that it does not
address fitness; for example, it does not allow a newer but very good scientific paper to become more
frequently cited than an older but less significant one. Thus, a modification of the BA model has been
developed that uses both preferential attachment and fitness [BB2]. This modified model, in essence,
assumes that preferential attachment and fitness are separate and parallel causes of network structure.

In our paper, we examine whether a model based on fitness alone, without preferential attachment,
can produce results similar to those produced by the BA model. This is intuitively reasonable; for
example, a popular scientific paper probably becomes more frequently cited because it is better than
other papers. We thus hypothesize that a model based solely on the fitness concept may produce results
similar to those of the BA model. It should be noted that a network model based solely on the fitness
concept has already been developed by Caldarelli et al., but it uses an approach to network construction
different from that used in the BA model [CCRM, SC]. In this study, we instead examine a network
construction algorithm based on the BA construction algorithm, but we employ the fitness concept
instead of preferential attachment.

Specifically, our algorithm is as follows: Fix a probability distribution of fitnesses, p(rj), and the
number of edges m with which a newly formed vertex starts. When the network grows sufficiently large
so that the initial vertices do not matter, ra becomes the average vertex degree. Begin with N0 vertices,
where N0 is small. Randomly assign to each vertex a fitness value 77 from the fitness distribution p(ri),
where a high value of 77 corresponds to a vertex that is more fit. Once a fitness value is assigned to a
vertex, it does not change. At each time step t = 1,2,3,..., add one vertex to the network, connect it to
ra existing vertices, and assign to it a fitness value based on p(rj). For each of these ra new connections,
the probability of connecting to an existing vertex i with fitness r/j is proportional to 77*, i.e.,

with N being the size of the network prior to the addition of this new point. We connect the ra edges
so that no two edges connect to the same vertex.
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4.4 Degree Distribution
The degree distribution of networks created using this fitness-based algorithm can be examined using
the continuum theory, a method developed by Barbasi and Albeit in which network growth is treated
as a continuous process to allow simplification of the model using calculus [AB]. Such an approx
imation should match closely with discrete network growth, provided that we consider networks of
sufficiently large scale, i.e., networks that undergo a large number of timesteps. Consider a vertex V
with fitness 77, and assume that its degree ky is a continuous function of time. Because during each
unit of time ra new edges are formed, we expect that

d k y 7 7
d t E j = i V j

For large enough AT we can make the approximation

N

Y,ilj~Nf) = (No + t)fj,
3 = 1

where 77 is the expected value of 77. So

d k y 7 7
d t ( N 0 + t ) f j '

Integration yields

ky = Jl*Tm* = ?<'<* + 0 + a
Let t0 be the time that this vertex was added to the network. Since ky = mat time t = t0,

C = ra-^ln(7V0 + *o)
V

77777 N0+tky = ra + — In ■
V N0 + to'

We can now calculate the cumulative distribution function (CDF) of ky as

P(*v<*)=pfm + ^ln^L±i<*>)V fj NQ -f *0 - J
ln Wo + * < fj(k - ra)

No + to ~ mrj
No + t
e m ^ - N 0 < t o )

There are N0 + t total vertices in the network, so for any particular r, 1 < r < t, the probability that
*o = t is j^j and the probability that to = 0 (the vertex is a starting vertex) is j^. Thus in the
continuous analogue, F(t' < t0) = 75^, so So

nkv<k) = F(^ l -No<to)

- — l — \ t - ( N o + t N

f j ( r n - k )= 1 — e mr> .
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$ V e r t i c e s

1 0 0 I S O 2 0 0 2 5 0 3 0 0
Ve r t e x D e g r e e

1 0 0 1 5 0 2 0 0 2 5 0 3 0 0
Ve r t e x D e g r e e

1 0 0 I S O 2 0 0 2 5 0 3 0 0
Ver tex Degree

1 0 0 I S O 2 0 0 2 5 0 3 0 0
Ve r t e x D e g r e e

Figure 4.1: Predicted and simulated degree distributions. Solid lines represent predictions of the continuum
theory and scatter plots represent simulated results for (a) uniform ,0(77), 0 < 77 < 1; (b) exponential ,0(77) = e_r?,
0 < 77 < 00; (c) power-law ,0(77) ~ q~3, 1 < 77 < 00; (d) power-law ,0(77) ~ T7-4, 1 < 77 < 00.

We obtain the probability density function (PDF) of the vertex degree by differentiating the CDF with
respect to k:

d ™ / f . x f j r j ( m - f c )
—¥>(kv <k) = —e rnn .d k r r v q

This is the PDF for the degree of a vertex of fitness 77, which we will denote as P(kr)). To obtain
the overall PDF, we take a weighted average of these fitness-based PDFs with the weights being the
probabilities of having a fitness 77. In other words,

p(k) - f p(v)P(krj)dr],

or
/ " ^ m a x f ) fi ( m - k )

P(k) = / p(r j)-L-e~^r~dr]. (4.1)

In this overall PDF, k is the continuous random variable for vertex degree, ra is the constant for the
average vertex degree, p(rj) is the PDF of fitnesses 77,77 is the expected value of 77 as determined by
p(rj), and 77min and 77max are the bounds of the fitness values. It is important to note that this PDF does
not depend on the present time t or the network size N. That is, as long as the size of the network is
large enough so that the initial approximations are true, the PDF for the vertex degrees is constant over
time as new vertices are added to the network.

We can scale equation (4.1) by multiplying by the total number of vertices N to predict the degree
distribution of the network. To verify the predictions of the continuum theory, we numerically simulated
this network construction algorithm for ra = 50, N = 5000 and a variety of distributions p(r}) and
calculated the degree distributions. The data from the simulations matches our theoretical result (Figure
4.1).

We also note that, as in previously developed fitness-based modifications of the BA model, P(k)
depends on the fitness distribution p(r]), and that for our model P(k) is very versatile and varies greatly
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Figure 4.2: Semilog plot of P(k) for uniform p{n), 0 < 77 < 1 and m = 10.

1 0 1 0 0
k i - x i o

1 0 0 1 0 0 0

Figure 4.3: Log-log plot of P(k) for ra = 10 and (a) p{rj) ~ t?"3, (b) pfa) ~ t?"4 5. Solid lines are plots of
P(k)\ dashed lines are plots of k~3 and AT4,5 for (a) and (b) respectively.

with different fitness distributions. Evaluating this integral for a uniform fitness distribution over vary
ing bounds and average vertex degree ra results in varying exponential-tailed distributions for P(k);
one distribution is shown in Figure 4.2. Evaluating this integral for a power-law fitness distribution
p(rj) oc r)~b over varying ra yields distributions of P(k) with power-law tails of the same power -6;
two such distributions are shown in Figure 4.3. Thus, with different power-law fitness distributions, we
can obtain scale-free networks with degree distributions of various powers.

4.5 Path Length
Two other empirical properties observed in real-world networks are a small average path length between
vertices and a high tendency for small clusters of highly connected nodes to form. We examined
path length and clustering of networks produced by our model using computer simulations, and we
draw comparisons both to empirical data and to results of the BA model. All data for path length
and clustering coefficients are average values over 50 network constructions. We find through our
simulations that our fitness-based algorithm does generate networks with small average path lengths.
Using a power-law distribution with power -6, we find that for fixed values of N and ra, the average
path length of a network quickly increases to a low asymptotic limit as b increases (Figure 4.4a). Fixing
ra and 0, we observe that the average path length increases logarithmically with TV, a phenomenon also
observed both in the original BA model and in random graphs (Figure 4.4b) [AB]. However, as in
the BA model, the path lengths of our networks are of the same order of magnitude but consistently
lower than those of real-world networks of the same size and average vertex degree, indicating that our
algorithm may be overly effective, as compared to real-world processes, in bringing the vertices of the
network closer together.
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Figure 4.4: (a) Linear plot of path length versus b for N = 300 and ra = 3. (b) Log-linear plot of path length
versus N for 6 = 3 and ra = 3. Solid line is the exponential regression curve.
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Figure 4.5: (a) Linear plot of clustering coefficient C versus b for N = 1000 and ra = 10. (b) Log-log plot of C
versus N for b = 3 and ra = 10. Solid line corresponds to j/V-0 7, and dashed line corresponds to C for a random
graph with ra = 10.

4.6 Clustering Coefficient
To quantify the concept of clustering, we use the clustering coefficient C developed by D. J. Watts
[Wa]. C is the average of k?£ti) f°r all vertices i in the network, where k{ is the degree of vertex
i and Ei is the number of edges in the subgraph of its ki neighboring vertices. As in the case path
length, if we fix the network size N and the average vertex degree ra, then the clustering coefficient
rapidly decreases to an asymptotic limit as b increases (Figure 4.5a). To obtain an idea of how large
or small these clustering coefficients are, we fix ra and b and compare the clustering coefficients of
our networks to those of random graphs for different values of N (Figure 4.5b). We first note that the
clustering coefficients of our networks are consistently higher than those of random graphs of the same
size (whose clustering coefficients are given by ^), and this difference increases with the size of the
network. Secondly, C decreases with N as a power-law, as is observed for both random graphs and BA
networks. Finally, the power of this relationship between C and N is -1 for random graphs, -0.75 for
BA networks, and -0.70 for our fitness-based networks, while for real-world networks, this power is 0
and network size does not seem to affect the value of C [AB].

4.7 Conclusion
We have created a network model that parallels a simple and accepted existing model, the BA model,
but that uses a "better-get-richer" instead of "richer-get-richer" growth algorithm. Our study indicates
several important facts about our fitness-based network model. The first is that through a power-law
fitness distribution, we can obtain scale-free networks. It may seem that having a power-law fitness
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distribution is an arbitrary criterion, but in many real-world situations where individuals such as people
or cities are ranked according to wealth or some other measure of "fitness," these fitnesses fall under a
power law distribution, as is stated in the empirical Zipf's law [CCRM]. Thus, it may be a reasonable
hypothesis that real-world networks have power-law fitness distributions. If this were true, our model
would indicate that Zipf's law and the ubiquitous nature of scale-free networks in the real world might
be related phenomena. The varying powers of the degree distributions of real networks can be explained
by varying powers of fitness distributions; the analysis of our model shows that these two powers are
equal.

A second observation is that in our model, non-power-law distributions of fitness result in other
network structures. Specifically, a uniform fitness distribution results in an exponential degree distribu
tion. This may be related to certain real-world networks that are indeed not scale-free but follow such
an exponential degree distribution. The Western United States power grid and the network of neurons
in a human brain are notable instances of such exponential distributions [AB]. The structures of these
two networks in particular are heavily influenced by the physical location of their vertices, and thus the
vertex fitness values may be more indicative of the number of other vertices that physically surround
them and thus may fall under a relatively more uniform probability distribution than the fitnesses of
networks without this distance restriction.

A final observation is that our fitness-based networks with power-law fitness distributions very
closely resemble the BA network, particularly with respect to how path length and clustering scale
with network size. Along with a scale-free degree distribution, this is evidence that our models are very
similar in structure to BA networks. Thus, we have shown that newly added vertices of a network do
not need knowledge of the popularity of the current vertices in order to maintain a scale-free network
structure, and that knowledge of the vertex popularity values (as in the BA model) does not alter three
of the most significant structural properties. It should be noted, though, that this result is dependent on
the hypothesis that fitness distributions are power laws.

Important work needs to be done in studying on a microscopic level the growth patterns of partic
ular real-world networks to determine their underlying fitness distributions. Further work in this area
can also be done by examining models with vertex fitnesses that vary over time, as well as by adding
complications such as directed and weighted edges. Overall, we have shown that a fitness-based varia
tion of the BA model can produce some of the important trends observed in the structure of real-world
complex networks.
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Abstract

The practice of neglecting small terms of an equation is analyzed in the case of polynomial root ap
proximations. Our discussion centers on the following new result: The roots of a polynomial can be
approximated self-consistently by roots of much simpler equations consisting of pairs of terms from
the polynomial.

5.1 Introduction
The essence of mathematical modeling is to take a real-world question and translate it into a mathe
matical problem which can then be solved, yielding insight into the original question. In the course of
such modeling, approximations must invariably be made.

It is not an exaggeration to say that all important equations take the schematic form

tl(puP2, • • • ) + h(pi,p2, ...)+... = 0,

where tn are arbitrary terms and pm are arbitrary parameters.
One commonly used approximation simplifies these equations by choosing some subset of terms

deemed to be the most important and then neglecting all the others. If we choose only the two largest,
we end up with

*i(Pl,P2,...) + *j(Pl>P2,...) ~0.

We will refer to such an approximation as a dominant balance approximation, since it seeks a
solution which "balances" the two dominant terms against each other. The question we are interested in
is: How often can solutions to an equation be approximated by the behavior of a few dominant terms?

We investigated this question for the case of polynomial equations of arbitrary order in a single
variable.

Bryan Gin-ge Chen, Harvard '07, is a physics concentrator in Adams House. He hails from Centerville, Ohio, where he
attended Centerville High School. His mathematical interests extend freely to all that is unreasonably effective in the natural
sciences, including calculus and linear algebra, scaling and similarity solutions, topology, and symmetry.
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5.2 Example: a5x5 + a\x + a0 = 0
When are the roots of this quintic trinomial dominated by the behavior of just two of the terms? In
other words, when are the roots of the equations

a$x +a\x ■
a$x5 + ao
a\x + a-o

close to the actual roots?
Note that if the roots of these equations are relatively close to the true roots, then we have indeed

found simple solutions to the trinomial equation — these approximations depend on only two coeffi
cients!

We say that a choice of terms yields a self-consistent root when those terms are larger (in absolute
value) than any other terms when we set x equal to the root of the simplified equation. For instance, the

/ \ l / 4
roots of the equation for which we say that a*>xb and a\ x are dominant are x = 0 or x = ( - ^ J (all
four of these 4th roots). We ignore the x = 0 root as this is obviously inconsistent with our assumption
that ae>x5 and a\x are largest near the root. Therefore the self-consistency condition is

axas a5

5/4
d i -

a>5

1/4
> an :

or equivalent^ R^ < 1-
I a i I

Working out the other cases yields the following result:

«0a5
a?

aoa5

< 1

> 1

(a\x, a5x5) and (a0, a\x) yield self-consistent roots,

(an, CI5X5) yields self-consistent roots.

We plot true roots and approximate roots of one from each "class" of trinomial below:

- 1 , 5 - 1 - 0 . 5 0 0 . 5 t
I a4ar: I.832x5 - 1.62x + .692 = 0, -K?- = .0169

true roots: .434, 1.04, -1.27, -.0993±1.20i;
approx. roots: .426, ±1.18, ±1.18i.

i

\ j ?

0.5 \

0 if v

-0,5

/ v
-1 ^ ^ ^, , . . . .

- 1 . 5 - 1 - 0 . 5 0 0 . 5 I t . 5

.690rr5 + .669a: + 1.19 = 0, -^- = 10.4
true roots: -.956, -.471± - .991i, .949±.773i;

approx. roots: -1.12, -.345±1.06i, .902±.656i.

These examples were generated using MATLAB with coefficients drawn from a normal distribution centered at
zero with unit variance.
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5.3 Generalization to Arbitrary Polynomials
It is possible to generalize the ideas in the previous column and prove the following result:

Theorem 1. Given a nondegenerate1 polynomial anxn+anixni +an2xn2 + • • • + anpxn? +a0 where
n = n0 > ni > n2 > • • • > np > np+1 = 0, all self-consistent approximations to the roots of
this polynomial will come from pairs {(anxn, anji xnn), (anji xnn, aUj2 x71^),..., (aUjs xn^, a0)},
where {rijk} is a subsequence of the {n/} above.

The pairs of terms which give the self-consistent approximations can be bracketed together as
below:

1 r ^~ n
an/+anixni+...+anji^i + ...+anjsxn>* + ... + anpxnr+a0

Theorem 1 essentially states that this series of brackets will not cross itself, and will reach from the
anxn term to a0. Note that since a pair (ajXJ\ akxk) yields k - j different approximate roots (via
the ^zjth roots of -^-), the total number of self-consistent approximate roots is guaranteed to be
(njs - 0) + (njs-i ~nj3)-\ \~ (nj2 ~ nji) + (n- n^) which telescopes to n.

The nondegeneracy condition in Theorem 1 excludes polynomials which have pairs of terms which
are not completely dominant at the approximate roots. In our quintic trinomial example, the degenerate
polynomials would be those for which Kg* I = 1. This condition gives us the set of polynomials for
which all three terms are equally large when evaluated at the approximate roots.

Note that Theorem 1 does not say anything about the accuracy of these self-consistent approxima
tions — it merely states that they exist.

Sketch of proof. The key 'trick' is to transform the self-consistency inequalities by taking logarithms.
In the quintic trinomial example, letting Aj = log \a,j\, we have:

A0 + A2 - 2AX < 0 => (A0, AX,A2) • (1, -2,1) < 0,
Ao + A2 - 2Ai > 0 =» (Ao, AUA2) • (1, -2,1) > 0.

Here • is the ordinary dot product. The two classes have become half-spaces in R3.In the general
case, the classes are cones in R-?-2 (where j is the number of terms) defined by a set of dot-product
inequalities. Using a 1958 result due to Samelson, Thrall and Wesler [STW], we can show that these
cones partition all of RJ~2.

5.4 Self-Consistent Approximation Picture Gallery
The following polynomials were generated in MATLAB by choosing coefficients from a normal dis
tribution with unit variance. The approximate roots were found by an algorithm based on Theorem 1.
The values e are quantities analogous to M* in the example, but are now chosen so that a root is

l i lself-consistent if e < 1 for all e.

For the purposes of Theorem 1, a polynomial anxn + on_ixn_1 + • • • + a0 is degenerate if the vector
(log|an|,log|a„_i|,... ,log|ao|) is in the linear space spanned by (1,1,..., 1) and (n,n - 1,... ,0).

52



- 1 - 0 , 5 0 0 . 5 1

1.20a;3 + .0198a:2 + .157x + 1.60 = 0
Cj = {1.24 x 10_3,3.34 x 10-6}

true roots: -1.07, .525±.987z;
approx. roots: -1.10, .550±.953i.

- 1 - 0 , 5 0 0 , 5 1
8th order polynomial equation

niaxcj = .0779, min ej = 1.07 x 10~16
selected true roots: .927, -1.21, -.509±.442i; closest approx.

roots: .879, -.879, -.530±.530i

~ 1 - 0 . 5 0 O . S 1

-2.17x4 + .0592x3 - l.Olx2 + .614.x + .508 = 0
€j = {.501,.859,2.36 x 10-6}true roots: -.424, .673, -.138±.895i;

approx. roots: ±.695, ±.695i

-8
.262x5 + 1.21a;4 + 1.32x3 - .931x2 - .0112x+ .645 =

Cj = {2.59 x 10-6, .719, .38, .235}
true roots: -.695, .534±.459i, -2.50±.948i; approx. roots:

-1.09, .394±.682i,-4.62,-7.88.

The approximate roots we chose in this way are in general quite close to the actual roots. However,
in the fourth plot there is a pair of complex roots that is approximated by a pair of real roots. It appears
that partitioning using Theorem 1 does not place some polynomials correctly.

5.5 Self-Consistency Is Not Enough
Though the self-consistency condition gives us a simple criterion for choosing dominant terms, the
choices do not always yield good approximations. The reason is that the self-consistency condition
completely ignores the possibility of multiple roots.

If we apply Theorem 1 to the quadratic equation a2x2 + a\x + a0 = 0, we find:

aoa2

aoa2
a

< 1 <£=> (a\x,a2x2) and (a0,aix) yield self-consistent roots,

> 1 <=^ (ao,a2x2) yields self-consistent roots.

Thus the degenerate, borderline case is when p^ = 1. However, by the quadratic formulaI ai I
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x _ yaf a0a2^ ^^ is ^ multiple root when a^ _ 1 ^ so thjs should be the borderline case.

5.6 Series Expansions for Roots
Let us take a different approach now. Let our polynomial be £?=0 ajxJ = °- Choose two terms akxk

and cljx3. We now rescale by x h-> y (-£h *"', which yields (after division by a simplifying factor):

a f-^)^1

We can rewrite this as

cnyn + cn_i2/n 1 + • • • + yk + 2/j + • • • + c0 = 0,

where for all l^k,j,Cl = ((-aj)'~ Vfc~'af ~j) ^. It is clear that if the n - 1 coefficients q are all

sufficiently small, then y « 1^7 and a; « (*"^) ^> But what d« we mean by sufficiently small?
We can write a series solution for y by assuming an ansatz of the form

00

V(i*)= Y. j4.o,. l , . . . , .»c*"<"_-11"-cg0,
SO,S2, . - - ,Sn=0

where we have n - 1 quantities q and st (no Cj,ck or s,, sfc). It makes sense to say that the terms
are sufficiently small if this series converges. It is thus more natural to say that the pair akxk, ajXj is
dominant at the root if the series for y^k) converges (rather than using the self-consistency conditions)!

The self-consistency conditions are equivalent to requiring that all |q| < 1; however, the domain
of convergence of this series is in general a more complicated object.

Series solutions of polynomials can be written in terms of hypergeometric functions, but the do
mains of convergence are only known in some cases; see [St, PT].

5.7 What If We Iterate?
Suppose that we have some method of choosing pairs of terms which gives us approximate roots from
dominant balances. Note that

f ( r ) _ / ( n ) ( 0 ) t n , f ^ H O ) ^ - ! . + m ]H ) ~ n ! Z + ( n - 1 ) ! Z + - - - + A 0 ) '

where /<m' is the m-th derivative of /.
The approximate root we get by assuming that the j-th and fc-th terms are dominant is then

- ^ ( k - j Yf (k) (oy J) '
To improve on this root, instead of deriving the next term of a series (as in the previous section),

consider f(u - zx) where zx = (-^12l(fc - j)!^. Note that for any zu the roots of f(z) are
precisely u + z\ for the roots u of the polynomial f(u + zi). Using Taylor's theorem, we have
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If the terms proportional to uv and uq (with q > p) are dominant terms of this polynomial, an

approximate root of this polynomial will be u2 = ( — /(?)[**) (q ~ p) ' J ? > which gives us

/ (p ) ( * i )
Z2 = U2 + Z\ = Z\ + (q-p)}.f{q)(zi)

In general, there are multiple choices of pairs of terms which will give us dominant terms. Further
more, each of these (k - j)th root expressions above will have k — j different solutions — this shows
that this process will branch. If we keep iterating, we have the recursive function:

hi — zm +
f{Pm)(Zm)

(<7m - Prr

Note that if qm = 1 and pn
f ^ ( z m ) y

0 for all ra, this process no longer branches. In fact, we now have
/ ( * m )

Zm+1 — f 1 f(zmy
which is precisely Newton's Method! Thus we may interpret Newton's method as an iterated dominant
balance method which always assumes that the 1st order and Oth order terms dominate, or rather, we
might interpret the iteration of a dominant balance method as a branching version of Newton's method.

If we color each point in C according to which point it converges to upon iterating Newton's
method, we produce the Newton fractal. Similarly, with a branching algorithm, we can color the
points of C according to which set of points we obtain. Below, we compare the "Newton fractals" of
Newton's method, and iterating the self-consistent root algorithm based on Theorem 1.

* 2 - 1 . 6 A * G S 0 0 . 5 1 1 5

This image shades each point in the plane according to which
roots it goes to after iterating Newton's method.

This image shades each point in the plane according to which
roots it goes to on iteration of the self-consistent roots method.

5.8 Conclusion
The results described in this paper give evidence in one case for a fact which equation-solvers have
known intuitively for a long time: the solutions to equations are often determined in a large part by
the behavior of the largest terms in the equation. Are there similar results for other equations — in
particular, ordinary differential equations or partial differential equations?
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Abstract

The ABC conjecture is a central open problem in modern number theory, connecting results, techniques
and questions ranging from elementary number theory and algebra to the arithmetic of elliptic curves
to algebraic geometry and even to entire functions of a complex variable. The conjecture asserts that,
in a precise sense that we specify later, if A, B, C are relatively prime integers such that A + B = C
then A,B,C cannot all have many repeated prime factors. This expository article outlines some of
the connections between this assertion and more familiar Diophantine questions, following (with the
occasional scenic detour) the historical route from Pythagorean triples via Fermat's Last Theorem to
the formulation of the ABC conjecture by Masser and Oesterle. We then state the conjecture and
give a sample of its many consequences and the few very partial results available. Next we recite
Mason's proof of an analogous assertion for polynomials A(t), B(t), C(t) that implies, among other
things, that one cannot hope to disprove the ABC conjecture using a polynomial identity such as the
one that solves the Diophantine equation x2 + y2 = z2. We conclude by solving a Putnam problem
that predates Mason's theorem but is solved using the same method, and outlining some further open
questions and fragmentary results beyond the ABC conjecture.*

6.1 Pythagorean triples: x2 + y2 = z2
An ordered triple (x,y,z) of integers is called a Pythagorean triple if and only if it solves the Dio
phantine equation x2 + y2 = z2\ that is, if and only if \x\ and \y\ are the lengths of the sides, and
\z\ the length of the hypotenuse, of a right triangle. (We allow degenerate triangles with a "side" of
length zero.) It is well-known that every such triple is proportional to

( x , y , z ) = ( r a 2 — n 2 , 2 m n , m 2 + n 2 ) ( 6 . 1 )

for some integers ra, n. Equivalently (dividing by n2 to obtain polynomials in the single rational
variable t = m/n), the solution (x, y, z) is proportional to (t2 - 1,2t, t2 + 1) for some t e Q, or to
(1,0,1) which arises for "t = oo" (corresponding to (ra, n) = (1,0)). That is, all Pythagorean triples
are accounted for by the single polynomial identity

( t 2 - l ) 2 + ( 2 t ) 2 = ( * 2 - h 1 ) . ( 6 . 2 )
tjNoam D. Elkies earned his doctorate in mathematics in 1987 at Harvard, where his advisors where Professors Barry Mazur

and Benedict H. Gross. After three years in Harvard's Society of Fellows he joined the Mathematics faculty and has remained at
Harvard since. Most of his research is in number theory, usually Diophantine geometry (the combination of algebraic geometry
and Diophantine equations) and/or computational number theory. Other interests include some combinatorial mathematics (lat
tices and codes, incidence geometry, and combinatorial games) and, outside of mathematics, classical music (mostly composition
and piano) and chess (usually chess problems and endgames).

* Supported in part by NSF grant DMS-0501029.
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This classical fact can be profitably approached from many points of view.1 In one familiar approach,
illustrating an important method in algebraic geometry, we first divide by z2 to obtain the equivalent
(x/z)2 + (y/z)2 = 1, so we now seek rational solutions of X2 + Y2 = 1, or geometrically a rational
point (a point with both coordinates rational) on the unit circle. Note that two nonzero solutions
(x : y : z) in integers yield the same solution (X, Y) in rationals if and only if they are proportional,
so that by going from x2 + y2 = z2 to X2 + Y2 = 1 we have automatically identified proportional
Pythagorean triples (corresponding to similar right triangles). The unit vector (1,0) is an obvious
rational point on the circle. This point yields only a degenerate Pythagorean triple, but we can use it to
find any other rational point (X, Y) using the straight line through (X, Y) and (1,0). The general such
line is Y = -t(X - 1), where the slope -t must be rational if X and Y are. (We choose -t rather
than t for consistency with equation (6.2).) Substituting -t(X - 1) for Y in X2 + Y2 = 1 we get the
quadratic equation X2 + t2(X - l)2 = 1, one of whose solutions must be X = 1. The other solution
is then the root of

that is, X = (t2 - l)/(t2 +1). Then Y = -t(X -1) = 2t/(t2 + 1), so we have recovered the rational
point corresponding to the solution (t2 - 1,2t, t2 + 1) of x2 + y2 = z2. See Figure 1, which shows
this construction for t = 2.

This procedure readily generalizes: instead of X2 + Y2 - 1 we can use any irreducible polynomial
P(X, Y) of degree 2, and instead of the initial point (1,0) we can use any rational solution (X0, Y0)
of P(X, Y) = 0; the lines through (X0, Y0) not tangent to the curve P(X, Y) = 0 at that point then
parametrize all other rational points on the curve. [Try X2 + Y2 = 2 and X0 = Y0 = 1. What goes
wrong if we attempt this for P(X, Y) = X2 -+ Y2 and X0 = Y0 = 0? Note that X2 + Y2 is irreducible
over the rationals, but not over C where it factors as (X 4- iY)(X - iY).] The technique even works in
some settings beyond plane curves of degree 2, including notably degree-3 plane curves with a double
point; see Figure 2 for the example of the double point (0,0) on the curve (X + Y)3 = XY. In
our special case of X2 + Y2 = 1 and (XQiY0) = (1,0) we can make yet another connection: if
(X, Y) = (cos 0, sin 0) then our line Y = -t(X - 1) makes an angle of 0/2 with the vertical. This
can be seen by elementary plane geometry for 0 < 0 < tt, starting from the fact that (0,0), (1,0)
and (X, Y) are vertices of an isosceles triangle (this too is shown in Figure 1); in general one must
remember that 0 is defined only up to integer multiples of 2tt. In any case, this gives t = cot (0/2),
so our parametrization is equivalent to the trigonometric half-angle formulas that give cot(6/2) as a
rational function of (sin 6, cos 0) and vice versa:

0 s i n ( 9 c o t 2 ( < 9 / 2 ) - l . 2 c o t ( 0 / 2 )COt 2 = T^To'* COS° = cot2(0/2) + V Sm* = cot2(0/2)il' (6'3)

These formulas reappear in integral calculus in the guise of the universal substitution that con
verts / /(sin 0, cos 0) dO (where / is any rational function) into / F(t) dt for some rational function
F e R(t), which can then be expanded in partial fractions to obtain an elementary antiderivative.
Equivalents this lets us integrate any rational function of X and y/\ -X2 with respect to X, and the
generalization to quadratic P(X, Y) = 0 lets us replace \J\-X2 by the square root of any quadratic
polynomial.

Besides the algebro-geometric method we follow, at least four others come to mind, which suggest various perspectives
on and generalizations of the result. The most elementary may be to begin with the trigonometric identities (6.3), or with an
equivalent geometric calculation with isosceles and right triangles. An elementary derivation from unique factorization in Z is
obtained by removing common factors from (x, y, z), switching x, y if necessary to make x odd, and using the factorization
x = z2 - y2 = (z - y)(z + y) and the fact that gcd(z - y,z + y) = 1 to write z ± y = (m ± n)2 for some
coprime integers m,n. See for instance [IR, p.23, Exercise 12]. Alternatively, factor z2 = (x + iy)(x - iy) in the ring
Z[i] of Gaussian integers, and use unique factorization in Z[i]; this explains why x and y are the real and imaginary parts of
(m + in)2. Finally, for I.FGQwe have X2 + Y2 = 1 if and only if the element X + iY of Q(i) has norm 1, which by
Hilbert's Theorem 90 is equivalent to X + iY = w/w for some nonzero w G Q(i). Taking t = Re(w)/ lm(w) we recover
X + iY = (t2 - 1 + 2it)/(t2 + 1). See [Ta].
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Y = -2{X - 1)

F i g u r e 1 : X 2 + Y 2 = 1 F i g u r e 2 : ( X + Y ) 3 = X F
But we have digressed from our main plot, to which we now return by looking at x2 + y2 = z2

and the parametrization (6.1) or (6.2) from another point of view. We ask: How many solutions does
the Diophantine equation x2 + y2 = z2 have in integer triples (x, y, z) ? Our parametrizations provide
infinitely many (x, y, z) even when we identify proportional solutions, but we can still ask how common
these solutions are. To make this vague question more precise, for all N > 0 define C(N) to be
the number of solutions of x2 +■ y2 = z2 in integers such that x2, y2, z2 are relatively prime and of
absolute value at most N. (We give the condition on x, y, z in this form because of the way we intend
to generalize it to other Diophantine equations, though of course for x2 + y2 — z2 the absolute value
condition is equivalent to the single inequality z2 < N.) Then the existence of infinitely many non-
proportional Pythagorean triples is equivalent to the fact that C(N) —* oo as N —> oo, and we ask:
How quickly does C(N) grow?

Using either of the forms (6.1) and (6.2) of our parametrization of Pythagorean triples we see that
C(N) should grow as some multiple of N1/2. For instance, (6.1) gives points (m,n) in the circle
ra2 + n2 < N1/2, whose number is asymptotic to the area nN1/2 of the circle. This is not quite
right because we must count only relatively prime (ra, n), and if both ra and n are odd then we must
remove a common factor of 2; but each of these corrections changes the asymptotic formula only by a
constant factor. As it happens this factor is 2/(3C(2)) = 4/tt2, making C(N) ~ (A/-k)N1/2. But it is
the exponent 1/2 that concerns us here, and we could have guessed this exponent much more easily as
follows. LetA = x2,B = y2,mdC = z2. Then

A + B = C,

and the number of solutions of A +■ B = C in relatively prime integers in [—AT, N] is asymptotically
proportional to N2. Of the 2N + 1 integers in [-N, N], approximately Arl/2 are squares (and all but
one are squares in two different ways, but this will not affect the exponent of N, only the coefficient
of that power). So, if we pick A,B,C independently and uniformly at random from the integers in
[-N, N], the probability that all three will be squares is asymptotically proportional to N~3/2. While
we actually choose A, B, C not at random but subject to A + B = C, it seems a reasonable guess that
the fraction of such (A, B, C) all of which are squares is still roughly N~3/2, giving a total of roughly
N2~ 2 = N1/2 such triples in that range.

If you think this seems suspiciously easy, you are right: we are only guessing the correct answer
(up to a constant factor), not proving it. This kind of heuristic is quite naive, and can easily fail.
For instance, for the equations x2 +- y2 +- z2 — 0 or x2 +■ y2 = 3z2 we might similarly expect the
number of solutions with all three terms in [—N, N] to grow at the same N1/2 rate. But neither of
these equations has any solution other than the trivial (0,0,0): the first obviously so, because the terms
x2 ,y2, z2 are all nonnegative; and the second because after removing common factors from (x, y, z)
we get a contradiction mod 3.2 In the other direction, the heuristic might grossly underestimate the

2In fact these two obstructions are more similar than they might seem: x2 + y2 + z2 =0 has no nontrivial solution in the
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number of solutions. Consider for example solutions in relatively prime integers of (x + y)3 = xyz
(the homogeneous form of the curve (X + Y)3 = XY shown in Figure 2). We might expect very
few solutions, on the grounds that there are about SH3 triples (x, y, z) of integers in [-H, H], and
in that range (x + y)3 - xyz can be as large as a multiple of if3, so should vanish with probability
only c/H3 for some c > 0, leaving a constant expected number of solutions no matter how large H
is. Somewhat more reasonably, we could start with the number of solutions in max(|x|, \y\, \z\) e
(2 _1, 2 ]̂ and then sum over h < log2 H\ but even then we would guess that the number of solutions
with max(|x|, \y\, \z\) < H grows only logarithmically. But in fact the rational parametrization by
lines through the origin shows that the correct order of growth is H2f3. Here the failure of the naive
heuristic can be attributed to the singularity of our curve at the origin. In higher dimensions, examples
are known where our heuristic fails for other, subtler reasons.

Still, such failures are not surprising. What is remarkable is how often such a naive heuristic gives
the correct answer when this answer can be established, and an answer consistent with or close to the
predictions of more refined conjectures and heuristics when the correct answer is not known but the
problem fits into a suitable mathematical framework. In the next few sections we illustrate this by
successively generalizing the problem of solving x2 + y2 = z2 until we reach the ABC conjecture.

6.2 Fermat's "Last Theorem5' (FLT): xn + yn = zn
Of the many fruitful generalizations of x2 + y2 = z2, one of the most natural and by far the best
known is the Fermat equation xn + yn = zn for n > 2. Again we seek solutions in nonzero integers,
or equivalent^ solutions of Xn + Yn = 1 in rational numbers X = x/z, Y = y/z. The locus of
Xn + Yn = 1 is known as the n-th Fermat curve; Figures 3 and 4 show part of the real locus for n = 3
and the entire real locus for n = 4, and are typical of the visual appearance (albeit not necessarily of
the arithmetic or algebraic geometry) of Fermat curves with n > 3 odd or even respectively.

V Y

r
^

^ J
Figure 3: X3 + Y3 = 1 Figure 4: X4 + F4 = 1

Fermat's "Last Theorem" (FLT) is the assertion, recorded by Fermat in 1637 and proved by him at
least for n = 4, that for n > 3 there are no solutions of xn + yn = zn in nonzero integers; equivalently,

real field R, and x2 + y2 = 3z2 has no nontrivial solution in the field Q3 of 3-adic numbers. Since we live in the real world
rather than the 3-adic world, the former obstruction is more intuitive to us, but both R and Q3 (and more generally Qp for any
prime p) are completions of Q with respect to the corresponding valuations on Q, and decades of experience have shown the
advantage of regarding the real and p-adic valuations of Q on as equal a footing as possible.

At this point we cannot resist another digression. Both x2 + y2 + z2 = 0 and x2 + y2 = 3z2 are obstructed not just over R
and Q3 respectively, but also over Q2. It turns out that for any irreducible homogeneous quadratic P(x, y,z) there are at most
finitely many completions of Q in which there are no nonzero solutions of P(x, y, z) = 0, and that the number — call it v of
such completions (either real or p-adic) is always even; this is equivalent to Quadratic Reciprocity. Conversely, any finite subset
of {R, Q2, Q>3, Q5, Q7, • • •} of even size can arise this way, a fact that ultimately amounts to the determination of the 2-torsion
of the Brauer group of Q. Finally, if v = 0 then P(x, y,z) = 0 does in fact have nontrivial rational solutions; that is, the Hasse
principle holds for homogeneous quadratics in three variables over Q.
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that the n-th Fermat curve has no rational points other than (±1,0) and (0, ±1) (with minus signs
allowed only when n is even). Why should n > 3 behave so differently from n = 2? Let us consult our
heuristic for estimating the expected number of solutions of xn + yn = zn with max(|xn|, \yn\, \zn\) €
(N/2, N]. (Every solution (x, y, z) will satisfy this condition with N — 2h for a unique nonnegative
integer h.) As before we write (A,B,C) = (xn,yn,zn), and observe that A + B = C, and that
the number of triples (A, B, C) of integers with A + B = C and max(|A|, \B\, \C\) e (N/2, N]
is asymptotically proportional to N2. But now we want each of them to be not a square but an n-th
power for some n > 3, and n-th powers get rarer as n increases. Indeed the number of n-th powers in
[-N, N] grows only as AT1/n, so the probability that three integers A, B, C chosen independently and
uniformly at random in that range are all n-th powers is asymptotically proportional to j/v3((i/n)-i)
We thus expect roughly jv2*3^1/^-1) = Ar<3_n)/n such triples with A + B = C. The exponent
(3 — n)/n is positive, zero, or negative according as n < 3, n = 3, or n > 3. Taking N — 2h
and summing over h, we thus expect the solutions to be plentiful for n < 3 (the number of solutions
up to N growing as a positive power of N), sparse for n = 3, and finite in number for n > 3. The
same should be true of primitive3 integral solutions of A0xn + B0yn = C0zn for any fixed choice of
A0, B0, Co, corresponding to rational points on the curve A0Xn + B0Yn = C0.

It turns out that each of these predictions is essentially correct. For n = 1 the result is almost trivial.
For n = 2 we saw that, once the curve A0X2 + B0Y2 = C0 has a rational point P, the lines through P
yield the expected plenty of rational points on the curve. For n > 3 we must appeal to more advanced
and recent results on Diophantine equations. When n = 3, the curve E : A0X3 +- B0Y3 = C0
is a nonsingular cubic plane curve, and thus an elliptic curve assuming it has a rational point P.4
Here it is not so easy to get new rational points, because a typical line through P meets E at two
more points, which in general are not rational. To obtain a new rational point we must use the line
joining two rational points on E, or tangent to one rational point. This is shown in Figure 5 for
the curve with (Ao,B0,C0) = (1,1,91): the line through the rational points5 (3,4) and (6,-5)
meets E again at (9/2, -1/2), and the tangent at (6, -5) meets E again at (-204/341,1535/341).

y = - 5 + § ( 6 - X ) Y

Figure 5: some rational points on X3 + Y3 = 91

3 An integer solution (x, y, z) of a homogeneous polynomial equation p(x, y, z) — 0 is said to be primitive if gcd(x, y, z) —
1. Every integer solution other than (0,0,0) can be written uniquely as (kx,ky,kz) for some primitive solution (x, y, z) and
some positive integer k.

4It is known that in characteristic zero such a curve is always isomorphic to one of the more familiar form Y2 = P3(X) for
some polynomial P3 with distinct roots. See [Sil, Chapter HI, §3] for such isomorphisms, and [Sil, Chapter III, §1] for standard
formulas for elliptic curves.

5The value Co = 91 was chosen so that our curve has two simple rational points (3,4) and (6,-5). This required a simple
but nontrivial solution of X3 + Y3 = X'3 + Y'3. It would have been nice to use the famous "Ramanujan taxicab" example
Co = 1729 = l3 4- 123 = 93 4- 103; but this would make it hard to draw a clear and accurate Figure 5, because (1,12) is
too close to an inflection point of E and (10,9) too close to the middle of the curve. Our example with (3,4) and (6, -5) relies
instead on another famous identity 33 -h 43 H- 53 = 63, which is tantalizingly reminiscent of 32 -h 42 = 52 but alas does not
generalize further: £m=23 mn ̂  (n + 3)n once n > 3.
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By drawing more lines and tangents we can generate infinitely many rational points on X3 4- Y3 = 91,
and it can be shown that every rational point can be obtained this way. As one might guess from the
case of (-204/341,1535/341), the resulting primitive solutions of x3 + y3 = 91z3 grow rapidly, and
it turns out that the number of primitive solutions with all variables in [-N, N] is asymptotic only to
it! log N for some R > 0. There are similar results for any elliptic curve E. By a famous theorem of
Mordell [Mo] there is a finite list of rational points on E from which all other points can be recovered by
repeatedly drawing chords and tangents through points already known or constructed. More precisely,
Mordell uses the chords-and-tangents construction to give the set E(Q) of rational points on E the
structure of an abelian group,6 and proves that this group is finitely generated. It then follows from
the Neron-Tate theory of canonical heights that the number of rational points (x/z, y/z) with each of
x, y, z in [-N, N\ is asymptotic to i?(log AT)p/2, where p is the rank of the abelian group E(Q) and R
is a positive constant depending on E. The curve has finitely many rational points if and only if p = 0.
It is known that this happens for the cubic Fermat curve X3 + Y3 f= 1, whose only rational points are
the obvious (1,0), (0,1), and the point at infinity (X : Y : 1) = (1 : -1 : 0).

Finally, for n > 3 the curve A0Xn 4- B0Yn = C0 is a smooth plane curve of degree at least 4.
Mordell conjectured that (as our heuristics suggest) every such curve has only finitely many rational
points.

At any rate there is no longer a general method for constructing new points out of known ones; even
the line through two known points, or tangent to one known point, meets the curve in n - 2 more points
(allowing points with complex coordinates), and those points need not be rational once n - 2 > 1. For
example, the line X + Y = 1 through the rational points (X, Y) = (0,1) and (1,0) on the Fermat
quartic X4 4- Y4 = 1 meets the curve again in a pair of Galois-conjugate points, each defined only
over Q(v/r7), namely (±(1 ± ^7), 1(1 T y/^7)). More generally, Mordell conjectured that any
algebraic curve of genus at least 2 has only finitely many rational points. (The genus of a curve is
a measure of its complexity7; an irreducible plane curve of degree d has genus (d - l)(d - 2)/2 at
most, with equality if and only if the curve is smooth; an elliptic curve has genus 1, and rationally
parametrized curves have genus 0.) Mordell's conjecture was finally proved by Faltings, who gave two
entirely different proofs [FI, F2]. Like Mordell's proof of the finite generation of E(Q) for an elliptic
curve E, both of Faltings' proofs are "ineffective": Mordell's proof yields an upper bound on the rank,
and either of Faltings' proofs yields an upper bound on the number of rational points, but in general
there may be no way to find a list of points and prove that it accounts for all the rational points on
the curve. While much more is known now than at the time of Mordell's or even Faltings' proof, the
general problems of making those theorems effective remain open.

A final note on Mordell's and Faltings' theorems: while they share the mystery of ineffectivity, the
proofs are of quite a different flavor. Mordell's proof for elliptic curves can be traced back to Fermat's
proof of the case n = 4 of FLT (showing in effect that the elliptic curves Y2 = X4 ± 1 associated
to the Diophantine equations x4 ± y4 = z2 have rank zero), and can be regarded as the culmination of
Fermat's work in this direction. On the other hand, Faltings' proofs, together with the proof of FLT
by Wiles and Taylor [Wil, TW], depend heavily on some of the most abstract and difficult results and
techniques of late twentieth-century number theory; it would take an expository paper at least as long
as this one to even give a sense of these methods to a reader not already acquainted with them.

6.3 The Darmon-Granville theorem: xp + yq = zr
Another natural way to generalize the Fermat equation is to allow different exponents, changing xn 4-
yn = zn to xp + y<* = zr. Here p, q, r are fixed positive integers that are not necessarily equal, and
x, y, z are integer unknowns. Solving this equation is equivalent to solving A +■ B = C under the

6While the chord-and-tangent method has been known at least since the time of Fermat, the construction of an abelian group
law from it is not obvious. See [Sil, Chapter III, §2] for the details.

7At this point it is almost obligatory for an expository paper to cite the fact that an algebraic curve of genus g is one whose
graph over C is an orientable surface with g holes; if nothing else, that is one indication that g measures the curve's complexity.
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condition that A be a p-th power, B be a q-th power, and C be a r-th power. The Fermat equation with
exponent n is the special case p = q = r = n. Applying our heuristic to general (x, y, z), we find that
if A, B, C are random integers with max(|A|, \B\, \C\) e (N/2, N] then they are respectively p-th,
q-th, and r-th powers with probability asymptotically proportional to A/-((i/p)-i)+((i/g)-i)+((i/r)-i)^
and thus that of the roughly N2 solutions of A 4- B = C in that range we might expect about

N(( l /p)- l )+(( l /q)- l ) + (( l / r ) - l )N2 = N(( l /p) + ( l /q) + ( l / r ) - l )

to yield solutions of xp +- yq = zr. As before, the same analysis applies (to the extent we believe it) to
the equation

A 0 x p 4 - B 0 y q = C 0 z r ( 6 . 4 )
for fixed nonzero A0, B0, C0. This leads us to introduce

S = 6 ( p , q , r ) : = l - - - - - - - ( 6 . 5 )
p q r

Our expected number of solutions with max(|A|, |B|, \C\) € (N/2, N] is now roughly N~s, and as
before we vary N and expect the solutions to be plentiful, sparse, or bounded according as S < 0,
6 — 0, or 6 > 0. The corresponding values of (p, q, r) are as follows.
Exercise 6.3.1. We have S(p, q, r) < 0 if and only if one of the following conditions holds: the
smallest of p, q, r equals 1; the two smallest of p, q, r both equal 2; or (p, q, r) is a permutation of
(2,3,3), (2,3,4), or (2,3,5). In this case, if mm(p,q,r) = 2 then 1/6 is a negative integer. We
have 8(p, q,r) = 0 if and only if (p, q, r) is a permutation of (3,3,3), (2,4,4), or (2,3,6). Otherwise
$(P, <?, r) > 1/42, with equality if and only if (p, q, r) is a permutation of (2,3,7).

The new borderline cases (2,4,4) and (2,3,6) again yield elliptic curves, with equations Y2 =
X4 ± 1 and Y2 = X3 ± 1 in the simplest case A0 = B0 = C0 = 1. It so happens that again each
of these elliptic curves has rank zero, and thus only finitely many rational points. For Y2 = X4 ± 1
the only rational points not at infinity are obvious ones with XY = 0; this is equivalent to Fermat's
result that there are no solutions of x4 ± y4 = z2 in nonzero integers. For Y2 = X3 ± 1 there is one
additional solution8 32 = 23 + 1, giving rise to a single set of equivalent solutions of x2 + y3 = z6
in nonzero integers, namely (x, y) = (3z3, -2z2) for nonzero z e Z. For general A0, B0, C0 there
may be infinitely many such equivalence classes, but again their minimal representatives will be quite
sparse, with the number of representatives in the range max(|A|, \B\, \C\) < N growing only as a
multiple of (\og(N)p/2) (where as before p is the rank of the corresponding elliptic curve).

But for general p, q, r our prediction can be very wide of the mark: there are cases where 8 > 0 but
solutions are plentiful. For example, the equation x3 4- y4 = z5 has the solution

(x,y,z) = (209952,11664,1944) = (2538,2436,2335), (6.6)

with (A, B, C) proportional to (1,2,3) — and indeed every integer solution of A 4- B = C is propor
tional to (a:3, y4, z5) for some (and thus for infinitely many) integer triples (x, y, z). More generally
we have:
Exercise 6.3.2. Suppose the natural numbers p, q, r are pairwise relatively prime, and A0, B0, C0 are
any nonzero integers. Then every integer solution of A+-B = C is proportional to (A0xp, B0yq, C0zr)
for some (and thus for infinitely many) integer triples (x, y, z), and given the initial A, B, C (not all
zero) the number of such (x, y, z) with max(|i40a;p|, |^o2/9|, \Cozr\) < N is asymptotically propor
tional to Nl^pqr^ as N —> oo. Moreover there are triples (p,q,r) of relatively prime numbers for
which 6 is arbitrarily close to 1.

8The elliptic curve Y2 = X3 + 1 still has rank zero, but with six rational points: one at infinity, one with X = — 1, and two
each with X = 0 and X = 2. The reader can check that no further points are obtained by intersecting the curve with the tangent
line at any of these points, or the line through any two of them. For instance, (X,Y) = (2, 3) is the third point of intersection
ofY2 = X3 + 1 with the line Y = X + 1 through the obvious points (-1,0) and (0,1).
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The exponent l/(pqr), though usually small, is positive for all p, q, r; hence if p, q, r are pairwise
relatively prime our equation A0xp 4- B0yq = C0zr has "plentiful solutions" by our standards, even
when the value of 8 is almost as positive as it can be. This seems to utterly demolish our heuristic,
which suggests that when 8 > 0 there should be only finitely many solutions, and moreover that this
tendency should be more pronounced the larger 8 gets. But even in favorable cases like the "twisted
Fermat curves" A0xn 4- B0yn = C0zn our heuristic holds only for primitive solutions, those with
x, y, z pairwise relatively prime. Indeed we should not expect the heuristic to hold when x and y have
a large common factor, say d, because then A = A0xn and B = B0yn are both multiples of dn,
which makes A 4- B much likelier to be of the form C0zn than a random number of the same size.
Our construction of plentiful solutions such as (6.6) likewise exploits large common factors. We thus
restrict attention to solutions with (A, B, C) = (A0xp, B0yq, C0zr) relatively prime.*10 In this case
our heuristic agrees precisely with the remarkable theorem of Darmon and Granville (1995):

Theorem 1. [DG]: Let p, q, r be natural numbers such that 8(p, q, r) > 0, and let A0, B0, C0 be
any nonzero integers. Then there are finitely many triples (x, y, z) of integers with gcd(x, y, z) — 1
satisfying the equation (6.4).

As with FLT and Faltings' theorem, the proof is alas much too advanced for us to be able to even
outline the main ingredients here — though we do note that one key step is an application of Faltings'
theorem itself!

Exercise 6.3.3. The Darmon-Granville theorem may seem a bit stronger than what we suggested, be
cause (A, B, C) might still have a common factor coming from the coefficients A0, B0, C0. But given
those coefficients there are only finitely many possible values of d := gcd(A, B, C). Use this to show
that there are also only finitely many equations Axxp + Bxy\ = Cxz\ whose integer solutions satis
fying gcd^z?, Bxyq, Cx z{) = 1 account for all solutions of (6.4) with gcd(;r, y,z) = 1. Therefore
if we knew Darmon-Granville only under the more restrictive hypothesis that A0xp, Boyq,C0zr be
relatively prime, we could deduce the result in the form quoted above.

Seeing that the Darmon-Granville theorem for equation (6.4) generalizes Faltings' finiteness result
for the case p = q = r of twisted Fermat curves, can we also generalize FLT to the special case A0 =
Bo = Co = 1 of (6.4), finding all solutions of xp + yq = zr with 8(p, q, r) > 0 and gcd(x, y, z) = 1?
Our heuristic analysis suggests that there should be only finitely many such triples (xp, yq, zr), but we
have no reason to expect that there should be none at all — and we would not be surprised if some of
them are quite large, especially for those choices of (p, q, r) that make 8 positive but small. Note that
the Darmon-Granville theorem gives finiteness for any particular choice of (p, q, r) but (like Faltings'
theorem vis-a-vis FLT) leaves open the possibility of infinitely many solutions with (p, q, r) varying as
well.

The full answer is still beyond reach, so we report on the known partial results and conjectures.
The simplest example is the identity 1 + 8 = 9 already noted in connection with (p, q, r) = (2,3,6);
it yields a solution V + 23 = 32 for all r, satisfying 8(2,3, r) > 0 for all r > 6. Computer searches
reveal 9 more solutions: 132 4- 73 = 29 with 8(2,3,9) = 1/18; two solutions

2 5 + 7 2 = 3 4 , 3 5 + l l 4 = 1 2 2 2 ( 6 . 7 )

with {p, q, r} = {2,4,5} and 8 = 1/20; two solutions

338 + 15490342 = 156133, 438 4- 962223 = 300429072 (6.8)

9We need not specify pairwise relatively prime, because the relation A + B = C forces any factor of two of A, B,C to
divide the third.

10The failure of our naive heuristic when A, B, C can have large common factors is related to the failure we noted earlier for
a singular cubic curve. Here the surface AQxP + B0y<* = C0zr is highly singular at the origin, and a solution with A, B, C all
divisible by a high power of p yields a point (x, y, z) on that surface that is close to that singularity in the p-adic metric.

64

9



with {p, q, r} = {2,3,8} and 8 = 1/24; and four solutions

27 + 173 = 712, 177 4- 762713 = 210639282,
14143 4- 22134592 = 657, 92623 4- 153122832 = 1137

with {p, q, r} — {2,3,7} and the minimal 8 value of 1/42. These computations are reported in [DG],
with the discovery of the five large solutions credited to Beukers and Zagier. This list is conjectured to
be complete, based both on further computer searches that revealed no other solutions and on various
partial results that prove special cases of the conjecture. In particular it would follow from this con
jecture (plus FLT for n = 3) that xp 4- yq = zr has no solution in integers p, q, r > 3 and relatively
prime integers x,y,z\ this is the Tijdeman-Zagier conjecture, for whose solution Andrew Beal offers
a $50,000 prize [Mau].

The most recent of the partial results in the direction of the conjecture that there are no further
solutions with 8(p, q,r) > 0 is [PSS], a tour deforce proving that there are no further solutions for
{p, q, r} = {2,3, 7}. This paper also gives an extensive list (Table 1 at the end of the Introduction) of
triples (p, q, r) for which the corresponding result had been proved earlier, including the triples with
{p, q, r} = {2,4,5} and {2,3,8} seen in the other known solutions (6.7, 6.8). Another special case
is Catalan's conjecture that 8 and 9 are the only consecutive powers of integers, recently proved by
Mihailescu [Mi]; this shows that there are no other solutions with x = 1. The proofs of these partial
results call on a vast range of number-theoretical techniques, including classical methods of elementary,
algebraic, and analytic number theory, Galois representations and modularity as in the proof of FLT,
and algebraic geometry of curves. This huge theoretical arsenal is complemented by sophisticated
computational and algorithmic tools that are often essential for carrying out algebraic manipulations or
for completing a proof that has been reduced to a finite but nontrivial calculation.

What about 8(p, q, r) < 0, when we expect that the number of relatively prime solutions of (6.4)
with max(|A|, \B\, \C\) < N can grow as a multiple of N~6 as N -+ oo? We easily dispose of the case
where at least one of p, q, r is 1, when we can simply solve (6.4) for the corresponding variable x, y,
or z in terms of the other two. So we assume that each of p, q, r is at least 2. In Exercise 6.3.1, we saw
that then -8 = \/d for some integer d > 0. There are choices of the coefficients Ao, B0, C0 for which
(6.4) has no solutions at all — we already saw the examples x2 4- y2 4- z2 = 0 and x2 4- y2 = 3z2
with p = q = r = 2. But if we assume that there is at least one solution of (6.4) in relatively prime
integers then Beukers showed [Beu] that the N1/d guess is correct. Moreover, for each A0,B0, CQ
there are finitely many polynomial identities in degree 2d that together account for all the relatively
prime solutions, in the same way that the single identity (6.2) accounts for all Pythagorean triples. (In
fact the Pythagorean parametrization illustrates the special case A0 = B0 = Co = 1, p = q = r = 2
of Beukers' result; note that here 8 = -1/2 and both sides of the identity are polynomials of degree 4.)

Unlike the Faltings and Darmon-Granville finiteness results, Beukers' is effective: at least in prin
ciple one can find all the parametrizations by carrying out a computation whose length is bounded
by an explicit function of p, q, r, AQ, B0, C0. Doing this in practice still requires some work. For the
three exceptional cases where only one of p, q, r equals 2, this work was recently completed by Ed
wards [Ed]. In particular he gave for the first time the complete solution for {p, q, r} = {2,3,5} in the
case A0 = Bo = Co = I. There are 27 inequivalent identities, of which the simplest (which Beukers
had already obtained) is X(t)2 + Y(t)3 = Z(tf where

X(t) = (t10 + I24)(t20 -122522115 -12410006110 4-126522£5 + 128),
Y { t ) = - £ 2 0 - 1 2 2 2 2 8 £ 1 5 - 1 2 4 4 9 4 £ 1 0 + 1 2 6 2 2 8 t 5 - 1 2 8 , ( 6 . 1 0 )
Z(t) = l2(-tn + I22llt6 + I24t).

For any ra, n € Z we recover an integer solution of x2 4- y3 = z5 by taking x = n30X(m/n),
y = n20F(ra/n), and z = nl2Z(m/n), and these x, y, z are relatively prime if and only if

g c d ( r a , 6 n ) = l a n d r a ^ 2 n m o d 5 . ( 6 . 1 1 )
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For example, ra = n = 1 yields 369347901658572 4- 2405462393 = 2678285. To make it such
that max(|x2|, |y3|, |z5|) less than N it is enough to make both |ra| and \n\ less than some multiple
of atVso. me number of such (ra,n) satisfying (6.11) is asymptotically proportional to N1/30 =
#-6(2,3,5) as expected.

We conclude this section with another scenic detour: a view of two surprisingly pertinent alternative
descriptions of the triples (p, q, r) of integers greater than 1 for which 8(p, q, r) < 0. First, p, q, r satisfy
this condition if and only if there exists a spherical triangle A with angles n/p, ir/q, n/r on the unit
sphere E, in which case the triangle has area n • (-8). Second, we have 8(p, q, r) < 0 if and only if the
group T = Tp^r with the presentation

rp,, i r := (a,0,7 | ap = {3q = Y = a0>y = 1) (6.12)

is finite, in which case it has 2d elements, where d = -1/8 as before. The first equivalence follows
from the well-known fact that the sum of the angles of A exceeds n by an amount equal to the area
of A. In this case we can take the generators a,/?,7 of T to be rotations about the vertices of A
through angles 2ir/p, 2ir/q, 2-k/t, or equivalently the products of pairs of reflections in the edges of A.
If we identify E with the Riemann sphere CP1 and let t be a complex coordinate on E then T becomes a
finite group of automorphisms of CP1, which is to say a finite group of fractional linear transformations
t •-> (at 4- b)/(a't + b'). Then for each of our identities X(t)p + Y(t)q = Z(t)r in degree 2d the ratios
Xp/Zr, Yq/Zr, etc. are invariant under T for a suitable choice of spherical triangle A! Moreover, by
Galois theory any such ratio T actually generates the field of T-invariant rational functions of t\ that
is, C(T) = (C(t))r. For example, when p = q = r = 2 our Pythagorean parametrization (6.2) yields
functions such as (t2 - l)2/(2t)2 and (t2 ■+ l)2/(2t)2 invariant under the 4-element group isomorphic
with r2,2,2 and generated by t <-♦ -t and t <-> 1/t. For (p, q, r) = (2,3,5), we have T ^ A5, the group
of rotational symmetries of a regular icosahedron inscribed in E, and the roots of the polynomials11
X, Y, Z of (6.10) are precisely the 30 edge centers, 20 face centers, and 12 vertices of that icosahedron!

When 8(p,q,r) = 0 or 8(p,q,r) > 0 the triangle A is respectively planar or hyperbolic rather
than spherical, and the group T = Tp^r generated by pairs of reflections in its edges is no longer
finite. But T is still intimately connected with xp + yq = zr via automorphisms of Riemann surfaces.
When 8(p, q, r) = 0, we can regard T as a group of affine linear transformations 11-+ at 4- b of C; its
finite-index subgroup of translations (with a = 1) is then a lattice, and the quotient of C by this lattice
is the elliptic curve we obtained from xp + yq = zr. When 8 = 8(p, q, r) is positive, A is a hyperbolic
triangle of area 7r8 and T is a discrete group of isometries of the hyperbolic plane H; the quotient H/T
can be identified with CP1 via a T-invariant meromorphic function on H analogous to the functions T
of the previous paragraph, and quotients of H by subgroups of finite index in T yield finite extensions
of C(T) that are used in the proof of the Darmon-Granville theorem and in the solution of some special
cases such as x2 4- y3 = z7.

6.4 The ABC conjecture: A + B - C
Masser and Oesterle noted that a solution of the Fermat equation, or of a natural generalization such
as the equation (6.4) addressed by Darmon and Granville, yields relatively prime numbers A, B, C
(such as xn,yn, zn for a primitive Fermat solution) such that A 4- B = C and each of A, B, C has
many repeated prime factors. This inspired them to guess a vastly more general constraint on repeated
prime factors in A, B, A 4- B for coprime integers A, B, and to formulate a precise conjecture on
the nature of this constraint, now known as the ABC conjecture. This conjecture is stated in terms
of an arithmetic function called (for reasons whose explanation would take us too far afield here) the
"conductor", defined as follows:

(X)
11 Note that X, Y, Z are regarded as homogeneous polynomials of degrees 30, 20, and 12 respectively, so we count t

among the roots of Z. The other roots of Z are 0 and the ten values of gcp where 0 is (1 ± y/E)/2 (the golden ratio or its
algebraic conjugate) and q is one of the five fifth roots of 122 in C.
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Definition 2. The conductor N(D) of a nonzero integer D is the product of the (positive) primes
dividing D, counted without multiplicity. Equivalently, N(D) is the largest squarefree factor of N.

Example 6.4.1. N(D1D2) < N (Dx) N (D2) for all nonzero integers Di,jD2, with equality if and only
if they are relatively prime; N(Dn) = N(D) for all nonzero integers D and n > 1. The following
brief table gives N(D) for 24 < D < 32:

D 24 25 26 27 28 29 30 31 32
N(D) 6 5 2 6 3 1 4 2 9 3 0 3 1 2

The size of the integer \D\/N(D) should be regarded a measure of how far D is from being squarefree,
that is, of how rich D is in repeated prime factors.

Conjecture 3. (Masser-Oesterle [Oe]): For every real e > 0 there exists ce > 0 such that

N ( A B C ) > c e C l ~ e ( 6 . 1 3 )
holds for all relatively prime natural numbers A, B, C such that A + B = C; equivalently, for every
real e > 0 there exists ce > 0 such that

N ( A B C ) > c e m a x ( | A | , \ B \ , I C I ) 1 " 6 ( 6 . 1 4 )

holds for all relatively prime integers A,B,C such that ±A±B ±C = 0.
The equivalence is elementary, and the more symmetrical form ±A±B±C = 0 will let us avoid

repeating some arguments twice or thrice according to the signs of A, B, C.
In the following exercises, we detail how the ABC conjecture implies "asymptotic FLT" (that is,

FLT for sufficiently large n) as well as its generalizations by Darmon-Granville and Tijdeman-Zagier,
and then give an equivalent formulation in terms of the "ABC exponent", and explain why the e in
(6.13,6.14) cannot be removed.
Exercise 6.4.1. The ABC conjecture applied to (A, B, C) = (A0xp, B0yq, C0zr) implies the Darmon-
Granville theorem; moreover, for any p, q, r such that 8 = 8(p, q, r) > 0 and any positive e < 8, the
inequality (6.13) with an explicit value of ce yields an explicit upper bound on relatively prime integers
x, y, z such that A0xp 4- Boyq = Cozr.

Exercise 6.4.2. The ABC conjecture implies the Tijdeman-Zagier conjecture with at most finitely many
exceptions; moreover, for any positive e < 1/12 the inequality (6.13) with an explicit value of c€ yields
an explicit upper bound on xp,yq, zr in any counterexample to the conjecture.12

Exercise 6.4.3. The ABC conjecture for any e < 1 implies that Fermat's Last Theorem holds for all
but finitely many exponents n. Again, an explicit value of ce yields an explicit n0 such that FLT holds
for all n > no.

Exercise 6.4.4. The ABC conjecture for any e < 1 implies that any finitely generated multiplicative
subgroup G of Q* contains only finitely many solutions (s, s') of s +■ s' = 1. [Choose generators for G,
and let S be the set of primes that divide the numerator or denominator of at least one generator; then
s + s' = l yields A 4- B = C with N(ABC) \ UPesPl
Remark. For this problem, as with the first exercise in this list, the finitude of solutions is already a
theorem, without assuming ABC or any other unproved conjecture. Better yet, explicit upper bounds
have been given on C as a function of N(ABC) — whereas no such bound is known for the Darmon-
Granville theorem without an ABC hypothesis. Still, the proved bounds are much worse than what
would follow from (6.13); see below.

l2The bound 1/12 can be raised to 1/6 because Bruin showed [Br] that there are no solutions of x3+y3 = z4 or x3+y3 = z5
in relatively prime integers.
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Exercise 6.4.5. For relatively prime natural numbers A, B, C such that A + B = C, define the ABC
exponent 9(A, B, C) by

0(A,B,C) := (logC)/(logN(ABC))
(so that C = N(ABC)$(A^C>>); for example 0(1,8,9) = log 9/log 6 = 1.226+. Set

6:=limsup^(i4,5,C),
(A,B,C)

the limsup running over all triples (A, B,A + B) of natural numbers. Then the ABC conjecture is
equivalent to 6 < 1. In fact the ABC conjecture is equivalent to 6 = 1, because it is elementary that
6 > 1 (for instance we may take (A, B) = (1,2r - 1) with r -> oo).

Remark. If it is true that limsup 0(4, B,C) = 1 then the convergence must be very slow: it is known
that there are infinitely many examples of 6(A, B, C) > 1 + c/y/lo^C for some universal constant c >
0; and it is expected, based on probabilistic heuristics such as applied earlier to A0xp 4- B0yq = C0zr,
that in fact 6(A, B,C)-1> (log C)~* holds infinitely often for all # > 1/3, but only finitely often
for each d < 1/3. In particular, the ABC conjecture is consistent with those heuristics. The largest
numerical value known for 6(A, B, C) is 1.6299+, for 2 + 310109 = 235 (found by Eric Reyssat in
1987). See [Ni] for other large 0(A, B, C).

Exercise 6.4.6. The inequality (6.13) cannot hold for e = 0 and any positive value of c0. (One way to
prove this is to find for each a > 0 a natural number r such that 3Q|2r - 1.)

The ABC conjecture, like FLT, is formulated over Z but has an equivalent statement over Q obtained
by considering ratios of the variables. If A 4- B = C, consider F = A/C, so 1 - F = B/C. Both
fractions are in lowest terms because A, B, C are assumed relatively prime. The conductor N(A) is
the product of the primes p such that F = 0 mod p, and likewise N(B) is the product of the primes p
such that F = 1 mod p. As for N(C), that is the product of primes p for which F mod p cannot be
found in Z/pZ because the denominator C vanishes mod p. Since in this case p \ A, we say that these
are the primes such that "F = oo mod p". Hence N(ABC), the LHS of the ABC conjecture (6.13),
is the product of primes p such that F mod p is one of 0,1, oo. The RHS is qC1"6, in which C is
simply the denominator of F. This assumes that A, B, C are positive, that is, that 0 < F < 1; in
the general case we replaced C by max(|4|, |B|, \C\) (see (6.14)), so now we replace the denominator
of F by the height h(F). By definition, the height of a rational number ra/n with gcd(ra, n) - 1 is
max(|ra|, \n\). This need not exactly equal max(|4|, \B\, \C\), but is within a factor of 2, which can
be accommodated by changing the constant ce of (6.14). Thus the ABC conjecture is equivalent to the
assertion that for every e > 0 there exists ce > 0 such that, for all FeQ, the product of the primes at
which F reduces to 0,1, or oo is at least ce/i(F)1-e.

Geometrically, the reduction of FLT to ABC in Exercise 6.4.3 amounts to applying the ABC con
jecture to the value of the rational function F = (x/z)n = Xn on the n-th Fermat curve. This succeeds
because F and 1 - F have multiple poles and zeros (some defined only over an algebraic closure Q)
— that is, the preimages of 0,1, oo under F have large multiplicities, which makes the total number of
preimages counted without multiplicity small compared to the degree of F as a rational function on the
curve. It turns out that here the degree is n2, and the number of preimages is 3n, which is less than n2
once n > 3, and indeed less than 8n2 once n > 3/8. When we try to generalize this argument to ra
tional points on a general algebraic curve X, we find that it is rare for there to be a rational function F
on X whose degree exceeds the size of F_1 ({0,1, oo}) by a large factor, so we cannot usually expect to
deduce Mordell's conjecture (finiteness of rational points) for X from an ABC inequality with e near 1.
But Belyi [Bel] shows how to construct a function F satisfying deg(F) > # (F_1 ({0,1, oo})) when
ever X is a curve of genus at least 2 defined by an equation with coefficients in Q, and then Mordell's
conjecture follows from ABC with e sufficiently small [Ell]. Recall that Faltings already proved this
conjecture twice without any unproved hypothesis, but the proofs are ineffective; the argument in [Ell]
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shows that the ABC conjecture with effective constants ce would yield a completely effective finiteness
result for rational points on X.

Many other consequences of the ABC conjecture are known, ranging from elementary special cases
(there are only finitely many integers N such as N = 4,5,7 for which N\ + 1 is a perfect square) to
applications that give unexpected connections with other problems in number theory. A striking ex
ample is Silverman's application to Wieferich primes, that is, primes p for which 2P_1 = 1 mod p2,
such as 1093 and 3511. (Note that the congruence always holds mod p by Fermat's little theorem. In
1909 Wieferich proved [Wie] that a FLT counterexample xp 4- yp = zp with p \ xyz for some prime p
would imply 2p~l = 1 mod p2.) Such primes are expected to be very rare; indeed none is known other
than 1093 and 3511, and any further such prime must exceed 1.25 • 1015 according to computations re
ported by Richard Mcintosh (http: //www. loria. f r/~zimmerma/records/Wieferich.
status). But it is not even known that the set of non-Wieferich primes is infinite! Silverman [Si2]
proves the infinitude of non-Wieferich primes under the hypothesis of the ABC conjecture, and shows
further that this conjecture implies that for every integer a ^ 0, ±1 there exist constants ca, xa such
that for all x > xa there are at least ca log xa primes p < x satisfying ap~1 =£ 1 mod p2.

Unfortunately a proof of the ABC conjecture still seems a very distant prospect; it is even much
too hard to prove the existence of any e < 1 for which the inequality (6.13) holds for some c€ > 0. To
show just how far we are, consider the situation suggested by Exercise 6.4.4: we know N = N(ABC),
and want all possible (A, B, C). Let 5 be the set of primes dividing N. Then the inequality (6.13) for
any e < 1 gives an upper bound on solutions of A 4- B = C in relatively prime integers all of whose
prime factors are contained in S. (This is often called the "5-unit equation", because it is equivalent
to solving a 4- b = 1 in rational numbers (a, b) = (A/C,B/C) that are units in the ring Z[l/N]
obtained from Z by inverting all the primes in S.) In particular, there should be only a finite number
of solutions. This result is known [Lai], but already far from trivial. It was not much harder to give
an explicit bound on the number of solutions [LM], and by now there are bounds depending only on
the size of 5, as in [Ev]. But that still gives no control over the size of the largest solution, which is
what the ABC conjecture addresses. Stewart and Tijdeman gave such a bound in [ST], and the bound
was recently improved by Stewart and Yu [SY]. But even the best bounds remain exponential: the
logarithm of C is only known to be bounded by a multiple of Nl/3(log(N))3. Even these results can
be useful; for instance the Stewart-Tijdeman bound log C = 0(N15) is already enough to compute in
practice the full solution of the S-unit equation when S is not too large (see for instance [dW]). But
the known results are still very weak compared with the inequalities that the ABC conjecture predicts
and that we need for applications such as the Tijdeman-Zagier conjecture and explicit upper bounds in
the Darmon-Granville theorem.

6.5 Mason's theorem: A(t) + B(i) = C(t)
A curious feature of the ABC conjecture is that not only does it seem very hard to prove but it is not at
all obvious how one might try to disprove the conjecture. If FLT were false, a single counterexample
would expose the falsity; likewise for the Catalan and Tijdeman-Zagier conjectures, or the Riemann
hypothesis and its variants. But there can be no single counterexample for the ABC conjecture, even
for a specific value of e, because the inequality (6.13) can accommodate any given triple (A, B, C)
by simply decreasing ce. Likewise for the formulation of the conjecture in terms of ABC exponents
0(A, B,C): a single example may break the record for the maximal 0, but has no bearing on 6 which is
defined as a lim sup of 0(A, B, C). Proving that the conjecture is false would require the existence of an
infinite family of (A, B, C)'s whose ABC exponents approach a limit greater than 1 (or approach oo),
just as we had to construct an infinite family such as {(1,2r - 1,2r)}£i1 to prove 6 > 1.

The most natural families to try arise from identities A(t) 4- B(t) = C(t) relating polynomials
A, B,C € Z[t], not all constant. Recall that we already used such polynomials to construct infinitely
many Pythagorean triples, or relatively prime solutions of x2 +■ y3 = z5; in effect we solved these
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Diophantine equations in Z[t], then specialized to t e Q and multiplied by powers of the denominator
of t to recover integer solutions. Similarly, from polynomials A(*), B(t), C(t) satisfying A 4- B = C for
which D := max(deg(A), deg(B), deg(C)) is positive we get a family of integer solutions A, B, C as
follows: for any pair (ra, n) of relatively prime integers we take

( A , B , C ) = n D ( A ( m / n ) , B ( r a / n ) , C ( r a / n ) ) . ( 6 . 1 5 )

Thus A, B, C are homogeneous polynomials of degree D in (ra, n). If A, B, C have repeated factors
then so do A, B, C, and with enough repeated factors we can hope to get a sequence with

lim sup 0(A, B,C) > 1.

We must assume that A(*), B(t), C(t) are relatively prime as polynomials, else A, B, C will have
a common factor for most choices of (m,n). This also means that D is the degree of the quotient
F = A/C € Q(*) as a rational function of t. Conversely, if the polynomials have no common factors
then gcd(A, B) is bounded above,13 so dividing each of our triples (A, B, C) of (6.15) by its greatest
common divisor yields relatively prime solutions of A + B = C with asymptotically the same ABC
exponent as the ratio

logmnx(\A\,\B\,\C\) logmax(\A\,\B\,\C\)
l o g N ( A B C ) l o g ( N ( A ) N ( B ) N ( C ) ) ( 6 * 1 6 )

that we would compute if A, B, C were relatively prime.
The numerator of this ratio is easy to estimate: it is D log h(m, n) + e, where

0 = max(deg(A),deg(B),deg(C))

as above, h(m, n) is the height |max(ra, n)\ of (ra, n) (or of the rational number m/n as before), and
e is an error of bounded absolute value. What of the denominator? Let us try some examples using
polynomial identities that we have already encountered. If

(A,B,C) = ((^-l)2,(2^)2,(t2 + l)2)

as in (6.2), then D = 4 and we get (A, B, C) = ((ra2 - n2)2, (2mn)2, (ra2 4- n2)2) (the squares of
the entries of the Pythagorean triple (6.2)), and then N(ABC) is a factor of (ra2 - n2)2ran(ra2 4- n2).
Hence N(ABC) is bounded above by a multiple of h(m, n)6. We can save two factors of h(m, n)
in various ways, for instance by making (m,n) = (l,2r) as in Exercise 6.4.5; but that still leaves
both numerator and denominator of (6.16) asymptotic to 4 log h(m, n), giving the same lower bound
of 1 on 6 that we obtained in that Exercise. Might we do better with the more complicated example
(A, B, C) = (X(t)2, Y(t)3, Z(tf), where X, Y, Z are the polynomials of (6.10)? Now D = 60 and
A, B, C are respectively a square, a cube, and a fifth power, so N(ABC) is bounded by a multiple of
h(m, n)30+20+12 = h(m, n)62. Again we can save a factor h(m, n)2 thanks to the factor ran of C, but
that still brings our bound on N(ABC) only down to a multiple of h(m, n)60 = h(m, n)D', and again
we fail to improve on 6 > 1.

In general, suppose A factors as A0 Hi XV wnere A0 is a scalar and the x^ are distinct irreducible
polynomials. Let xt = nde^XiXi(m/n). Then A = nDA(m/n) = A0ne~ JJ. x\\ where e^ := D -
J2i ei deg(xi) is the multiplicity of n as a factor of the homogeneous polynomial nDA(m/n) (which
may also be regarded as the "order of vanishing at t = oo" of A when A is regarded as a polynomial
of degree D). Hence N(A) is bounded by a constant multiple of H^i or nf]* \xt\ according as
eoo = 0 or e^ > 0. Each \xi\ is in turn bounded by a constant multiple of (h(m, n))degXi, and of
course \n\ < h(m, n). It follows that N(A) < h(m, n)uoW where „D(A) = vDoc(A) -f £\ degx*

13By the Euclidean algorithm for polynomials there exist X, Y e Z[t] such that AX - BY = d for some nonzero del,
and then gcd(A, B) \ nDd for all m, n G Z. Repeating this argument with A, B replaced by the relatively prime polynomials
t A(l/t),tDB(l/t) yields a nonzero integer^ such that gcd(j4,B) | mDd'. Thus if gcd(m,n) = 1 then gcd( ,4,5) | dd'.
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and vD ^(A) — 0 or 1 according as e^ — 0 or e^ > 0. More succinctly, vD(A) is the number
of solutions of F(t) — 0 in CP1, counted without multiplicity (note in particular that e^ > 0 if and
only if F(oo) = 0). We define vD(B) and vD(C) likewise, and observe that they are the numbers
of solutions in CP1 of F(t) = 1 and F(t) = oo. Putting these together we find that N(A, B, C)
is bounded by a constant multiple of h(m,n)v where v = vD(A) 4- Vd(B) + vd(C) IS tne size of
F_1({0,1, oo}). Moreover, if at least two points in F_1({0,1, oo}) are rational then we can save an
extra factor of h(m, n)2 as we did before; in fact we expect to save this factor in any case, because
there are about H2 choices of (ra, n) with h(m, n) e (H/2, H], and it is not too hard to show that in
fact this h(m, n)2 saving is available for all nonconstant rational functions F. In other words, we can
make the denominator of (6.16) no larger than (v - 2) log h(m, n) 4- e'', where e' is another bounded
error.

Combining our estimates and letting h(m, n) —> oo, we find that the polynomial identity A 4- B = C
will yield a disproof the ABC conjecture if v < D 4- 2. We have already given several examples of
v — D 4- 2, and there are many others, some of which are very easy to construct (try (A, B, C) =
(1, tD - 1, tD) for instance). Might we attain v < D 4- 2 if we are just a little more clever, or look
harder? This is where Mason's theorem enters:

Theorem 4. [Mas]: If F e C(t) is a rational function of degree D > 0 on CP1 then F_1({0,1, oo})
has cardinality at least D 4- 2.

This ruins our hope for an easy refutation of the ABC conjecture. Viewed more positively, it is
evidence for the truth of the conjecture, and indeed can be viewed as an "ABC theorem" for polynomials
or rational functions. To make the comparison explicit, we again take logarithms in the conjectured
inequality (6.13) to write it as log N(ABC) > (1 - e) log C - log(l/c€). We saw that for polynomials
v and D play the roles of log N(ABC) and logC respectively. Thus Mason's theorem is an even
stronger statement, because the troublesome terms -elogC and - log(l/cc) in the lower bound for
log N(ABC) have been replaced by the helpful 4-2 in the lower bound on v.

Moreover, while the ABC conjecture seems intractable at present, Mason's theorem can be proved
easily. There are several related routes, all exploiting the idea of detecting multiple roots of a polyno
mial or rational function using its derivative — a tool not available for integers or rational numbers.
The route we choose uses the logarithmic derivative, for which it will be convenient to assume that oo
is not a preimage of 0, 1, or oo. We ensure this by applying to t a fractional linear transformation that
moves all the preimages of {0,1, oo} away from infinity.

Proof. Fix a number t0 not in F_1 ({0,1, oo}), and let Fi(t) = F(*0 + (!/*))» a rational function also
of degree D and with the same number of preimages of {0,1, oo} as F, none of which are at infinity.
Let v0,vl9 v^ be the number of preimages of 0,1, oo respectively. Let A be the logarithmic derivative
F\/Fx. Then A is not identically zero because Fi is nonconstant, and A has a simple pole (that is, has
a denominator with a simple root) at each preimage of 0 or oo, regardless of its multiplicity. Hence
the denominator of A has degree u0 + v^. Any root of Fi - 1 of multiplicity e is a root of A of
multiplicity e — 1. Summing over the roots, we find the the numerator of A has at least D - vx roots
counted with multiplicity, and therefore has degree at least D - ul. But the difference between the
denominator's and numerator's degrees is the order of vanishing of A at infinity, which is at least 2 (to
see this, expand Fi at infinity as Y^Lo a^_i = ao + ai*-1 + a2*-2 + a3*~3 + ''' with ao ^ °> and
calculate Fi = -axt~2 - 2a2t~3 - 3a3t~4 ). Hence D - vx < v0 +■ v^ - 2, which is equivalent
t o t h e d e s i r e d i n e q u a l i t y v 0 4 - v x + v ^ > D + 2 . □

Since the numerator of the derivative or the logarithmic derivative of A/C is (up to sign) the Wron-
skian

A C
A; CW2(A,C) =det = AC - A'C,

the proof can also be formulated in terms of Wronskians. The key fact that F and F - 1 have the same
derivative then corresponds to the identity W2(A, C) = W2(A - C, C), which holds because W2(-, •) is
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bilinear and alternating, and forces W2(A, C) to vanish at multiple zeros of B. Also equivalent, though
not as transparently so, is the proof obtained by applying the Riemann-Hurwitz formula to F. This
approach explains the "4-2" in Mason's inequality as the Euler characteristic of CP1, and generalizes
to rational functions F of degree D > 0 on other compact Riemann surfaces, for which Mason finds
the inequality # (F^^O, 1, oo})) > D + x^D + 2-2g, where g is the genus and X the Euler
characteristic of the surface. This is why the rational functions F constructed by Belyi cannot satisfy
deg(F) > # (F-^O, l,oo})) unless g > 2. For an elliptic curve we have g = 1, so deg(F) =
#F_1 ({0,1,00}) is possible, and if the elliptic curve has positive rank then its rational points yield
another kind of infinite family of (A,B,C) triples with lim sup 0( A, B, C) > 1 (such as (x3,y3,91z3)
for primitive solutions of x3 + y3 = 91z3); but the points are too sparse for us to prove that the limsup
strictly exceeds 1, and again we come just short of a disproof of the ABC conjecture.

6.6 A Putnam problem: minding our P's and Q's
The last problem of the 1956 William Lowell Putnam Mathematical Competition asks [GGK, p.47]:

The polynomials P(z) and Q(z) with complex coefficients have the same set of numbers
for their zeros but possibly different multiplicities. The same is true of the polynomials
P(z) 4- 1 and Q(z) + 1. Prove that P(z) = Q(z).

As noted in [GGK, p.431], it must be assumed that at least one of P and Q is not constant, else the
claim is false. We thus assume max(deg(P), deg(Q)) > 0, and by symmetry may take ra = deg(F) >
deg(Q) = n. The claim is clearly true if P has distinct roots, because then Q = cP for some c e C,
and if A is any root of P 4- 1 then 0 = 0(A) + 1 = cP(X) + 1 = -c + 1 implies c = 1. Likewise
if P 4- 1 has distinct roots. We must then contend with the case that P and P 4- 1 both have multiple
roots — and we know already that the derivative P' = (P 4- 1)' detects multiple roots of either P or
P 4- 1. We proceed as in [GGK, p.431-432]. Let Ai,..., Ar be the distinct roots of P (and thus also
of 0), and px,..., ps the distinct roots of P 4-1 (and thus also of Q 4- 1). By an argument we can now
recognize as the special case of Mason's theorem in which F is a polynomial — and which would fail
if ra = 0 were allowed — we have ra - 1 = deg(P/) > 2ra - r - s, whence r + s > m 4- 1. But each
root of P or P + 1 is also a root of P - Q, a polynomial of degree at most m. Therefore P - Q is the
zero polynomial, and we are done.

The corresponding statement for integers instead of polynomials would be that a positive integer n
is determined uniquely by the sets (without the multiplicities) of prime factors of n and of n 4-1, that
is, by the conductors N(n) and N(n 4-1). We might expect that this should be false, because the proof
in the polynomial case hinges on an inequality stronger than can be true for integers. Indeed there are
infinitely many counterexamples, the smallest with natural numbers being n = 2 and n' = 8 (this is yet
another appearance of 1 4- 8 = 9), which begins the infinite family {n, n'} = {2m - 2,2m(2m - 2)}
(ra = 2,3,4,...). Still, such examples seem quite rare; an exhaustive search finds that the only case
with 0 < n, n' < 108 not of the form {2m - 2,2m(2m - 2)} is {75,1215} (with N(7b) - iV(1215) =
15 and AT(76) = AT(1216) = 38). When we allow also negative integers, the identity N(-n) = N(n)
gives an involution {n, n'} <-▶ {-1 - n, -1 - n'} on the set of solutions. Modulo this involution, we
find one more infinite family {2m 4- 1, -(2m 4- l)2} (ra = 1,2,3,...), and one more sporadic pair in
(-108,108), namely {35, -4375}. The infinite families intersect at {2, -4,8} and {-3,3, -9}, which
may be the only three-element subsets of Z mapped to a single point under n »-> (N(n), N(n 4-1)).

Might we generalize the Putnam problem to rational functions F? Since a polynomial is just a
rational function with F"1({oo}) = {00}, we might guess that more generally if F and G are non-
constant rational functions with complex coefficients that, when considered as maps from the Riemann
sphere CP1 to itself, satisfy F-\{w}) = G^dw}) for each of w = 0, l,oo, then F = G. (In the
Putnam problem, F and G would be the polynomials P +1 and Q +1.) Alas this natural guess is false.
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An explicit counterexample is14

( z - l ) 3 ( . + 3 ) ( z - l ) ( z + 3 ) 3F ( z ) = — , G ( z ) = h ( - 3 / z ) = — s ,

with F(z) - 1 = (z - 3)(z 4- l)3/16z and G(z) - 1 = (z - 3)3(z 4- l)/16z3. Here F and G are
rational functions of degree 4. Is this the smallest possible? It is probably much harder to completely
describe all counterexamples, or even to decide whether there any with deg(F) ^ deg(G).

6.7 Further problems and results
In number theory most things that can be done in Q or Z generalize, with some additional effort, to
number fields K (finite-degree field extensions of Q) and their rings 0K of algebraic integers. This is
true of the ABC conjecture, which can be naturally formulated over any K or Ok, and has much the
same consequences there as we saw over Q or Z. Much of the extra effort in making this generalization
arises because Ok need not have unique factorization, so some solutions in K of A + B = C may not
be proportional to any solution in relatively prime elements of 0K- Thus it is more natural to formulate
the conjecture in terms of the ratio F = A/C, which is invariant under scaling (A, B, C). Briefly, we
replace N(ABC) in the LHS of (6.13) or (6.14) by the product of the norms of all prime ideals ofOK
at which F is congruent to one of 0,1, oo, and in the RHS we take the (1 - e)-th power of the height
of F, appropriately defined, rather than of C or of max(|A|, |B|, \C\). See [Vo, p.84] for the details.
Mason's theorem still defeats attempts at easy disproofs — recall that the coefficients of the rational
function F were allowed to be arbitrary complex numbers.

More subtle is the question of how the constant c€ in the ABC conjecture should depend on K. In
the context of Mason's theorem, if we replace C(t) by a finite-degree extension we get the function
field of a compact Riemann surface of some genus #, and then the lower bound D 4- 2 on the size
of F_1({0,1, oo}) is lowered by 2g. Granville and Stark [GS] propose an anologous "uniform ABC
conjecture", in which the LHS of (6.13) or (6.14) is multiplied by |disc(K/Q)|1/[K:Q1 and then the
constant ce in the RHS is independent of K. Remarkably, they then show that this uniform ABC
conjecture implies the long-standing conjecture that the class number of an imaginary quadratic field
Q(y/^d) (with d > 0 a squarefree integer) is bounded below by a constant multiple of d1/2/ log d, and
thus that the Dirichlet L-function attached to an odd character has no "Siegel-Landau zero" (a zero s
with 1 - s < l/log(d); the nonexistence of such zeros is an important special case of the Riemann
Hypothesis for such L-functions). The proof uses special values of modular functions arising from
elliptic curves with complex multiplication by the ring of algebraic integers in QKx/^d).

Finally we consider the generalization to more than three variables, to integers satisfying ±A ±
B ± C ± D = 0 and beyond. In each case we ask: Given max(|A|, \B\, \C\,...), how small can
the product N(A)N(B)N(C) • • • get? As before we must assume that the integers have no common
factor. With more than three variables, it no longer follows that they are relatively prime in pairs,
but we must at least assume that no proper sub-sum of ±A ± B ± C ± • • • vanishes, to avoid such
trivialities as 2r 4- 1 - 2r - 1 = 0. It is then known that an upper bound on N(A)N(B)N(C) • • •
implies an upper bound on max(|^|, \B\, \C\,...), but again this known bound is much too large for
our purpose. Even in the special case A = A0wn, B = BQxn, etc. we have a difficult question: How

14The reader who got this far may well wonder where this counterexample comes from. It arises naturally in the theory of
elliptic modular functions. For r in the upper half-plane H. let n(r) be the Dedekind eta function e7"/12 \~\n=i i1 -e27rmr)24,
and define A(r) = 16(^t/1/2/»7?)8 = 16<?n~=i(l + <72n)/(l + 92n_1) where ryfe = Tj(fcr) and q = ew"\ Then A
generates the field of modular functions invariant under the ideal hyperbolic triangle group T(2), and takes the values 0,1, oo at
the cusps of that group. The function F expresses A in terms of the generator -^{r)z/r)l)lQ{r]lf2r)2/r]3f2,ns)A of the modular
functions for T(2) n r0(3), and thus gives explicitly the map from the corresponding modular curve to the modular curve X(2)
corresponding to r0(2). The coordinate A of X{2) parametrizes elliptic curves E : Y2 = X(X - 1)(X - A) with all their
2-torsion points rational; z parametrizes 3-isogenies E —▶ E' between pairs of such curves; and the involution z «-> -3/z takes
the isogeny E —* E' to the dual isogeny E' —▶ E. See [E12].
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are the nontrivial primitive solutions of A0wn 4- BQxn + C0yn = D0zn distributed? Our heuristics
suggest that solutions should be plentiful for n < 4 (if there is a nonzero solution to begin with), sparse
for n = 4, and bounded for n > 4. Likewise for N variables, with critical exponent n = N.

Unfortunately this guess is at best close to the truth. Euler already found a polynomial solution for
w4+x4 = y4 + z4, giving plentiful solutions for that equation, starting with 1334 4-1344 = 594 4-1584.
There is even a polynomial family of solutions of w5 4- x5 = y5 4- z5, though sadly not over Q:

w , x = 2 t ± ( t 2 - 2 ) , y , z = 2 t ± i ( t 2 + 2 ) . ( 6 . 1 7 )

For n = 6 one can still obtain infinitely many primitive solutions for some choices of (A0, B0, C0, D0),
using the polynomial identity

(t2 4-1 - l)3 4- (t2 - t - l)3 - 2t6 - 2.

Indeed let (Ao,B0,Co,D0) = (a3,(33,2,2). Then if there are infinitely many rational solutions
(t,u,v) of

t 2 + t - l = a u 2 , t 2 - t - l = ( 3 v 2 ( 6 . 1 8 )
then each yields a rational solution (u, v,l,t) of A0w6 4- B0x6 4- C0y6 = D0z6, and thus a primitive
integer solution by clearing common factors. Now it can be shown that (6.18) is an elliptic curve,
which has positive rank if it has a single rational point with t $ {0, ±1,00}. The simplest such (a, 0)
is (5,1) with t = 2, giving 125 4-1 4- 2 = 2 • 26. The next few t values for (a, 0) = (5,1) are -82/19,
-148402/91339, and -10458011042/1213480199, giving the solutions15

(31,19,89,82), (5009,91339,165031,148402),

(4363642319,1213480199,10981259039,10458011042).
Note that, unlike the ABC conjecture, our naive guess for A0wn 4- B0xn 4- C0yn = D0zn was
disproved by polynomial identities. Thus even Mason's theorem has no good analogue here. One can
use a 3 x 3 Wronskian to get an "ABCD theorem", and likewise for more variables, but these inequalities
are no longer sharp. For example, if (w, x, y, z) is a nontrivial solution in C[t] of wn 4- xn = yn 4- zn
then one can show that n < 8 by counting roots of W3(wn, xn,yn), but it is not known whether n = 6
or n = 7 can occur, nor whether all nontrivial solutions for n = 5 are equivalent with (6.17).

Can we salvage from our predicament a conjecture that is both plausible and sharp? Lang [La2]
suggested that such conjectures should still be true "on a nonempty Zariski-open set", that is, when we
exclude variables that satisfy some algebraic condition. This may well be true, though the possibility
of an unpredictable exceptional set makes Lang's conjectures even harder to test. As an indication of
the power of these conjectures, we conclude by citing one striking application. Recall that Mordell
conjectured, and Faltings proved, that an algebraic curve of genus g > 1 over Q has only finitely many
rational points. The conjecture and proofs are silent on how the number of points can vary with the
curve. But Caporaso, Harris, and Mazur showed [CHM] that Lang's conjectures imply a uniform upper
bound B(g), depending only on g, on the number of rational points of any genus-# curve over Q!
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Mathematical Minutiae:
Differentiation as a Functor

Athanasios Papaioannou '07*
Harvard University

Cambridge, MA 02138
apap@fas.harvard.edu

Unlike any other article in this journal, this one begins with a warning: Categories, beautiful and
powerful as they may be, are not panacea and should be used with great prudence. This short note
presents a fun, but silly use of categories.

7.1 The Chain Rule
In what follows, R denotes the set of real numbers. By rR we mean the category whose objects are pairs
(U, u) of open subsets U C R together with a point u eU, and whose morphisms (U, u) -> (Uf, u')
are differentiable functions / preserving base points, in the sense that f(u) = u'. By & we mean the
category whose unique object is R, and whose morphisms are given by

Hom^(R,R) = {(t>a '■ x ^ ax \ a G R};

the composition of <f>a and fo is defined to be <j)ab- We now claim that the assignation D : tr —▶ &
given by

(U,u) h-*-* R

(U,u)l(UW) - I
is a functor.

Indeed, we need to check that, given a diagram of the form

(U,u)-!-+{U',u,)-^{U",u"),

the following relation holds:
D(gof) = D(g)oD(f).

But this last expression can be rewritten as (g o f)f(u) = g'(u')f'(u), which is exactly the chain rule
at u\ Moreover, to say that D preserves the identity is precisely to say that the derivative of f(x) = x
is 1, which is clearly true.

t Athanasios Papaioannou, Harvard '07, is a mathematics concentrator.
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7.2 Getting more serious
A rather more fruitful way to think about derivations in terms of functors is that of modern geometry.
We pursue this with extreme economy, at the expense of using many undefined words. Let's think of
smooth manifolds as ringed spaces, i.e., pairs (M, @M) consisting of a topological space together with
a sheaf of functions, such that (M, @M) is locally isomorphic to (Rr\ ^sm), the ringed space of Rn
together with the sheaf of smooth functions on it. To every point of M we may attach a ring, that of the
derivations from the stalk of the structure sheaf ̂ sm,m to R—this is a well-known gadget, the tangent
space at m. Now, there is a way of compiling all these tangent spaces into the tangent sheaf on M,
which is the dual to the better-known sheaf of differential forms QM/r. And that these sheaves, like all
sheaves, are functors of some sort, should please any rabid categorialist.
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8
Problems

The HCMR welcomes submissions of original problems in any field of mathematics, as well
as solutions to previously proposed problems. Proposers should direct problems to Problems
Editor Zachary Abel at hcmr-problems@hcs.harvard.edu or at the address on the in
side front cover. A complete solution or a detailed sketch of the solution should be included,
if known. Solutions to previous problems should also be directed to the Problems Editor at
hcmr-solutions@hcs .harvard.edu or at the address on the inside front cover. Solutions
should include the problem reference number, as well as the solver's name, contact information, and
affiliated institution. Additional information, such as generalizations or relevant references, is also wel
come. All correct solutions will be acknowledged in future issues, and the most outstanding solutions
received will be published. To be considered for publication, solutions to the problems below should
be postmarked no later than November 1, 2007. An asterisk beside a problem or part of a problem
indicates that no solution is currently available.

S07 - 1. How many hyperplane cuts are necessary to divide a3x5x7x9xll rectangular solid into
3 • 5 • 7 • 9 • 11 distinct lxlxlxlxl hypercubes, if previously separated pieces can be rearranged
between cuts?

Proposed by Joel Lewis '07.

S07 - 2. Suppose / : [0,1] -> R is an integrable function such that y • f(x) + x • f(y) < x2 +■ y2.
Show that /J f(x) dx < \. (One example of such a function is f(x) = x.)

X ^ j i ^ A ^ ^ 1 ^ ^ P r o p o s e d b y S c o t t K o r p i p e r s ' 0 9 .Ef!
S07 - 3. The incircle VLAbc of a triangle ABC is tangent t<
Rays PQ and BA intersect at M, rays PR and CA intersect
MNP is tangent to MN and NP at X and Y respectively,
prove:

(a) Circles VLabc and Qmnp are congruent, and

(b) these circles intersect each other in 60° arcs.

spectively.
f triangle

llinear,

Proposed by Zachary Abel' 10.

S07 - 4. For a prime p, let Z(p) c Q denote the localization of the integral domain Z at the prime ideal
(p); that is, the subring of Q consisting of the rational numbers with denominators prime to p. The
canonical homomorphism Z —> ¥p induces a canonical homomorphism 0P : Z(p) -> Fp, the reduction
modulo p homomorphism with kernel the maximal ideal pZ(p) of the local ring Z(p). (For example,
05(l/2) = 3 G F5.)

Let V be the set of primes p for which {jprzi I n G N} c Z(p).

(a) Characterize the set V.

(b) Show that V and P \ V are both infinite sets, where P is the set of primes. (In other words, show
that V is neither finite nor cofinite in the set of primes.)
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(c) Show that, for every p g V, the map N -+ Fp given by n ̂  0p((3n - l)/(2n - 1)) is periodic.
(For example, 5 G V, and the corresponding map N -> F5 is 2,1,3,2,2,1,3,2,2,1,3,2,....)

Proposed by Vesselin Dimitrov '09.

S07 - 5. (a) Prove that, for distinct positive real numbers a and 6, the following inequality holds:

a + b a^^b^* a — b
2 e I n a — I n b '

(b*) Show that both inequalities are strict.

Proposed by Shrenik Shah '09.
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Endpaper:
How to Compute Determinants

Prof. Dennis Gaitsgory*
Harvard University

Cambridge, MA 02138
gaitsgde@math.harvard.edu

During one of my years in graduate school in Israel, I was a teaching fellow for a class on linear
algebra. I found the job annoying for two reasons: On one hand, the students were primarily non-math
majors. But more importantly, my class started at eight in the morning, which did not rhyme well with
my lifestyle at the time. As a result, I could not bring myself to prepare my section in advance. Instead
I improvised each time....

One day I found myself explaining determinants. "You know, for a generic matrix a determinant is
never zero. Somebody, give me an example of a matrix!" The class produced no reply. They were no
less sleepy than I was. In fact, not only were they asleep but they were suspicious as well. They did not
want to risk giving a matrix which by misfortune would have a zero determinant, with the gloomy title
of "degenerate" attached to it.

So I proceeded: "OK, let's take the first matrix that comes to mind."

I set about computing the determinant by the usual formula. I was never good with computations and,
once again, I was especially sleepy:

1 • 5-9-2-4. 9±3-4-8 + ....

It took me a good 10 minutes. And what a shock, the determinant was zero! "I must have made a
mistake," I told the class. I ran through the calculations once more, checking every step. Another 10
minutes passed. Zero again!

I tried to save myself. "OK, but sometimes the determinant is zero. Sorry. But now let's take a
really generic matrix."

^ 1 2 3 4 ^5 6 7 8
9 10 11 12

\ l 3 1 4 1 5 1 6 /
Another lengthy computation
At the end of that semester I was forced to enroll in a special seminar for delinquent instructors.

tProf. Dennis Gaitsgory is a faculty member of the Harvard Mathematics Department.
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